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Abstract

The topics presented in this thesis lie at the interface of probability theory and stochastic geometry,
with emphasis on the asymptotic study of geometric objects associated with Gaussian random fields
defined on manifolds. Such a research stream has been rapidly growing in past years, resulting in a
number of developments focussing on local and global geometric quantities. Our principal aim is to
discuss probabilistic methods allowing one to deal with the asymptotic fluctuations of volumes of zero
sets (also called nodal sets) of Gaussian Laplace eigenfunctions as the eigenvalues diverge to infinity,
with a particular focus on the models of Arithmetic Random Waves on the three-dimensional torus and
Berry’s Random Plane Wave on the two-dimensional Euclidean space. We prove universal variance
estimates and non-Gaussian limit theorems for the zero sets of multiple independent Arithmetic Random
Waves, complementing several related works in the literature. Our analysis for this builds on an abstract
cancellation result applicable to the setting of Gaussian Laplace eigenfunctions on manifolds, yielding
in particular a formal description of the so-called Berry’s Cancellation Phenomenon observed in various
models of random eigenfunctions. For the Berry Random Plane Wave, we prove spatial functional limit
theorems for discretized and truncated versions of the nodal length indexed by rectangular domains.
Such a contribution yields a basis for proving a fully general functional limit theorem for the nodal
length and opens doors to a number of novel probabilistic limit theorems involving semi-local functionals
of these nodal length processes. A common technique lying at the core of our arguments for dealing
with these tasks is the asymptotic analysis of the Wiener-1to chaos expansion in Hermite polynomials
of such geometric quantities, often allowing one to reduce investigations on Wiener chaoses of lower
order. In this context, we discuss properties of generalized Hermite polynomials with matrix arguments,
appearing in multivariate statistics and the theory of zonal polynomials. We argue that this family of
orthogonal polynomials is particularly effective for deducing chaotic expansions of random variables
that are symmetric functionals in the eigenvalues of underlying Gaussian random matrices, notably
appearing in different applications dealing with the geometry of random fields. We furthermore present
a new characterization of matrix-Hermite polynomials as the eigenfunctions of a generalized Ornstein-
Uhlenbeck semigroup on matrix spaces. The above mentioned probabilistic limit theorems originate from
the systematic use of the Malliavin-Stein approach on Gaussian spaces, a collection of analytic statements
allowing one to deduce probabilistic limit theorems by means of variational techniques. Such a series of
results typically emerges from the combination of Stein’s method for probabilistic approximations and
Malliavin’s infinite-dimensional differential calculus. At the end of this thesis, we present preliminary
computations yielding variance estimates and Central Limit Theorems for certain non-linear functionals
associated with the d-dimensional Berry Random field. Also, we discuss several aspects around optimal
convergence rates within Gamma approximations of functionals of Gaussian fields.

Keywords: Gaussian Laplace eigenfunctions, Arithmetic Random Wave, Berry Random Wave, Berry’s
Cancellation phenomenon, Wiener-Itd chaos expansions, Hermite polynomials, Gaussian analysis, Stein-
Malliavin Calculus, Fourth Moment Theorems, Gamma approximations.



Preface

The present manuscript has been submitted for the fulfillment of my doctoral studies at the University of
Luxembourg and collects my main achievements of the last four years.

The content of this thesis is divided in six chapters I-VI. Apart from the introductory Chapter I, the
content of Chapters II-VI is based on the following works:

* Fluctuations of nodal sets on the three-torus and general cancellation phenomena, [Not21]. This
work has been accepted for scientific publication in the Latin American Journal of Probability and
Mathematical Statistics (ALEA).

* Matrix-Hermite polynomials, random determinants and the geometry of Gaussian fields, to be
submitted in the near future.

» Some functional convergence result related to Berry’s nodal lengths on the plane. Such a work is
at an advanced stage and is to be submitted in the near future.

* On the d-dimensional Berry Random Wave Model, based on preliminary computations.
» Optimality of convergence rates for Gamma approximations, based on preliminary computations.

Here below we give a global outline of each of the chapters.

Chapter I: Introduction

In Chapter I, we present the necessary theoretical background, that is needed for the remaining chapters.
Such an introduction is divided into two parts: Section I.1.1 collects properties of (Gaussian) random
fields, as well as Rice formulae for the geometric measure associated with level sets of Gaussian random
fields. In Section I.1.2, we present a thorough introduction to modern Gaussian analysis and Malliavin’s
infinite-dimensional variational calculus, which is one of the staples of our approach.

Chapter I1: Nodal Sets of Arithmetic Random Waves

Chapter II deals with the study of Arithmetic Random Waves (ARWs) on the three-torus, a special
case of the class of Gaussian Laplace eigenfunctions introduced by Oravecz, Rudnick, and Wigman
in [ORWO08, RW08]. We consider the ¢-dimensional Gaussian random field Tﬁf), ¢ = 1,2,3 formed by
vectors of respectively one, two and three independent ARWs. Our primary aim is to study the high-energy
(that is, as n — oo) probabilistic fluctuations of the geometric measure L,(f) = ‘}{3_5((T£f))‘1 (0)) (where
H,. indicates the k-dimensional Hausdorff measure) associated with the nodal set of Tﬁf). In Theorem
II.1.1, we derive its expected value, asymptotic variance and a universal non-Gaussian limit theorem.
Our results for £ = 2,3 substantially complement prior works by Benatar and Maffucci [BM19] and
Cammarota [Cam19], corresponding to the case £ = 1. The proof of Theorem II.1.1 is based on a detailed
preliminary study of the Wiener chaos expansion of abstract random variables admitting an integral

il
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representation involving multiple Dirac masses and generalized Gramian determinants, allowing us to
prove an abstract cancellation result (see Theorem I1.2.5). Specifying the content of Theorem I1.2.5 to the
setting of Gaussian Laplace eigenfunctions on manifolds without boundary, such as ARWs and spherical
harmonics on the sphere, yields in particular a neat description of the so-called Berry Cancellation
observed in different models (see for instance [Wig10, KKW13, DNPR19, MPRW16, NPR19, Cam19]).
Such a cancellation typically results in lower order variance estimates and is partially explained by the
exact disappearance of the second chaotic projection of the nodal volumes. In Section I1.3.1, we present
an exhaustive analysis of the fourth-order chaotic projection of L,(f). A subsequent study of higher-order
Wiener chaoses allows us to prove that the Wiener chaos expansion of Lﬁf) is asymptotically dominated by
its projection on the fourth Wiener chaos, from which we deduce its non-Gaussian fluctuations. A number
of intrinsic number-theoretic estimates available in the literature are also used along our development. In
Theorem I1.D.3, we prove a deterministic continuity result for nodal volumes associated with vector-valued
functions, that is needed in our analysis.

Chapter I11: Matrix-Hermite Polynomials and Random Determinants

In Chapter III, we study generalized Hermite polynomials with rectangular matrix argument. Such a
family of polynomials is indexed by partitions of integers and is orthogonal with respect to the law
of Gaussian matrices. Matrix-Hermite polynomials can be expressed in terms of zonal polynomials
appearing in multivariate statistics. In Theorem III.3.2, we prove that matrix-Hermite polynomials
are particularly tailored for the Wiener chaos decomposition of spectral random variables, i.e random
variables depending on the eigenvalues of XX, where X is a Gaussian matrix. In particular, we obtain
explicit formulae for the projection on Wiener chaoses of any order of such random variables, involving
integrations of generalized Laguerre polynomials with matrix argument. Such a collection of formulae
turns out to be particularly useful when directly dealing with chaos expansions of functionals associated
with Gaussian matrices with large dimensions. In Theorem II1.3.5, we apply these findings to the case
of random determinants of the form F(X) = +/det(XX7T), where X is a rectangular Gaussian matrix
whose rows are i.i.d vectors with a non-trivial covariance matrix. In Theorem III.3.6, we show that
these projection coefficients admit a geometric interpretation in terms of intrinsic and mixed volumes of
ellipsoids. Such a result extends a similar formula for the mean of F(X) by Kabluchko and Zaporozhets
[ZK12] to arbitrary projection coefficients associated with the Wiener chaos expansion of F. In a second
part of this chapter, we introduce a generalized Ornstein-Uhlenbeck semigroup on matrix spaces via a
Mehler-type formula. In Theorem II1.3.10, we prove that matrix-Hermite polynomials are eigenfunctions
of these operators, allowing us to deduce a useful orthogonality relation for matrix-Hermite polynomials
when these are evaluated in correlated Gaussian matrices (see Theorem II1.3.12). In Section 1I1.3.4, we
apply our findings to the asymptotic study of the generalized total variation of multiple independent
Arithmetic Random Waves on the three-dimensional torus: more precisely, by studying its Wiener chaos
expansion into matrix-Hermite polynomials, we are able to show that, in the high-energy limit, the total
variation is dominated by its projection on the second Wiener chaos, yielding in particular a Gaussian
limit theorem (see Theorem II1.3.17).

Chapter I'V: Weak convergence results for Berry’s nodal length process

In Chapter IV, we consider Berry’s Random Plane Wave Bg = {BE (x):xe€ Rz} with parameter £ > 0,
a stationary and isotropic Gaussian random field which is an eigenfunction of the Laplace operator. Our
principal object of interest is the high-energy behaviour (that is, as E — oo0) of the nodal length process
indexed by rectangles of the type [0, #1] X [0, #2] in the unit square. In [NPR19], Nourdin, Peccati and Rossi
prove a one-dimensional Central Limit Theorem for the normalized version of the nodal length restricted to
a planar domain. Subsequently, Peccati and Vidotto [PV20] establish multivariate Central limit theorems
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for vectors of nodal lengths restricted to a collection of domains, proving that the nodal length process
converges towards a standard Wiener sheet in the sense of finite-dimensional distributions. Such a series
of results suggests a weak convergence result in function spaces for the nodal length process, but were not
obtained, due to some intrinsic difficulties when dealing with second-order chaotic projections associated
with the chaos expansion of the nodal length. The goal of this chapter is to present some progress towards
such a weak convergence result: we prove functional limit theorems for a discretized version of the nodal
length associated with refining partitions of the unit square (see Corollary IV.1.9), and truncated nodal
length of increasing degree, formed by chaos projections of large order (see Corollary IV.1.15). In order
to prove our results, we study the second order and the higher-order chaotic projections associated with
the Wiener chaos expansion of the nodal length. For the second chaotic projections of the nodal length,
we prove asymptotic variance estimates and deduce a multi-dimensional Central Limit Theorem (see
Theorem IV.1.4) in the high-energy regime, leading in particular to an appealing connection with a fotal
disorder process (see Corollary I'V.1.5). Our arguments are based on a thorough preliminary investigation
of a certain residual boundary term appearing in the projection of the nodal length on the second Wiener
chaos (see Section 1V.1.2). Combining moment estimates for suprema of stationary Gaussian random
fields with a useful criterion by Davydov and Zitikis [DZ08] for proving weak convergence of multivariate
processes, we are able to prove that these projections converge weakly to zero (Theorem IV.1.4). For the
residue term formed by higher-order chaotic projections, we present a chaining argument similar in spirit
to Dehling and Taqqu [DT89] and Marinucci and Wigman [MW11]. Such a study allows us to formulate
a weak convergence result for the discretized nodal length process obtained by refining partitions of the
unit square (see Corollary 1V.1.9). As a by-product of our results, we deduce a number of novel limit
theorems of semi-local type, involving suprema of discretized nodal lengths. In Corollary IV.1.15, we
present a weak convergence result for the truncated nodal length process. Our arguments for this are
based on the hypercontractivity of Wiener chaoses.

Chapter V: Non-linear functionals of d-dimensional Berry’s random fields

In Chapter V, we consider non-linear functionals associated with the d-dimensional Berry Random Wave
model Bg (for d > 2). More precisely, we study random variables of the form

Ze(d, ¢: D) = /D H, (Bp(x))dx

where H, is the g-th Hermite polynomial and O C R4 is a convex domain. Such a random variable
typically emerges in the projection on the g-th Wiener chaos of the nodal length associated with the zero
set of Bg. In Theorem V.1.1, we prove asymptotic laws for the variance of Zg(d, g; D). As expected,
our results show that the case (d, g) = (2,4) is the only one in which the variance exhibits logarithmic
fluctuations. Such an observation is consistent with the main findings of Nourdin, Peccati and Rossi
[NPR19] and conjecturally hint to the fact that, for d > 3, the chaotic projections of order ¢ of the nodal
length are all of the same order. In Theorem V.1.2, we prove quantitative Central Limit Theorems for
normalized versions of Zg (d, g; ). We finish this chapter by some comments on reduction principles on
Wiener chaoses and variance estimates of the nodal length associated with d-dimensional Berry random
fields. Our preliminary results are to to be compared with [MR15] by Marinucci and Rossi, where the
authors present a similar study for random spherical harmonics on the d-dimensional sphere, see also
[MW14] for the earlier study in dimension two.

Chapter VI: Optimality of convergence rates in Gamma Approximations

Chapter VI deals with the task of detecting optimal convergence rates (associated with some probability
metric d) for Gamma approximations on a Gaussian space. Formally, for a sequence of chaotic random
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variables {F}, : n > 1} converging in distribution to a centred Gamma random variable G(v) with param-
eter v, and a numerical sequence {¢(n) : n > 1} verifying ¢(n) — 0 and d(F,, G(v)) < ¢(n), such an
optimality is observed as soon as c;¢(n) < d(F,, G(v)) < cp¢(n) for some finite constants 0 < ¢; < ¢
and large enough n. This task can be achieved by assessing exact asymptotics (as n — oo) for ratios
of the form ¢(n)‘1E [A(F,) — h(G(v))], where h is some test function related to the probability metric
d. Following the lines of Nourdin and Peccati in [NPO9b] on optimal rates for normal approximations,
our strategy involves a characterization of the joint limiting distribution of the bivariate vector (£, F,EV)),
where F,EV) = ¢(n)"'(2(F, +v) —(DF,,-DL 'F,)y) (where D and L' denote certain Malliavin oper-
ators and H is a separable Hilbert space). Our main findings, formulated in Theorem VI.2.5 and Theorem
V1.2.6, provide the asymptotic fluctuations of the random variable F,E") in the case when F,, = L(fy)
is an element of the second Wiener chaos, distinguishing between specific cases of finite and infinite
rank. In particular, our results allow us to prove that, for a large subclass of sequences living in the
second Wiener chaos, the numerical sequence {¢(n) : n > 1} leads to a sub-optimality phenomenon (see
Corollary VI1.2.8). Such an observation is in contrast with the setting of normal approximations studied in
[NPO9b], where a set of sufficient conditions implying optimality can be formulated on the second Wiener
chaos. Whether this sub-optimality phenomenon on the second Wiener chaos extends to higher-order
Wiener chaoses is partially addressed at the end of the chapter (see in particular Conjecture VI.2.10).
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Chapter I

Introduction

I.1 Background and preliminaries

In this first chapter of the thesis, we provide a concise overview of the main theoretical tools that will
appear throughout the manuscript. Our exposition will be divided into two parts:

* In Section I.1.1, we introduce random fields in general and discuss a number of key properties such
as stationarity and isotropy, focussing in particular on random fields on Euclidean spaces. Section
I.1.1.3 is dedicated to the so-called Rice formulae, a collection of formulae playing a pivotal role
in the study of geometric measures associated with level sets of Gaussian random fields.

* In Section, I.1.2 we expose the necessary background from Gaussian analysis and Malliavin Cal-
culus, with a particular focus on Wiener-1t6 chaos expansions and Gaussian integration by part
formulae. This section constitutes one of the large-scale building blocks of our thesis as the tools
presented therein will be used intensively along our work.

Our main bibliographic sources serving as guiding inspiration for this introduction are the books
by Adler and Taylor [AT07] and Azais and Wshebor [AW(09] for Section I.1.1, and the monographs
by Nourdin and Peccati [NP12a] and David Nualart [Nua95] for Section 1.1.2. One of our principal
aims for this expository part is to present the necessary material in both a compact and self-contained
way, hopefully allowing the reader to follow it easily without further referencing. For this reason, our
exposition also includes the proofs of a number of classical results, the arguments of which we believe
are instructive to be presented at this preliminary stage of the dissertation.

I.1.1 Geometry of random fields
I.1.1.1 Generalities on random fields

Our first definition is that of a random field, defined on a certain probability space. Although in this thesis
we shall mainly deal with random fields taking values in Euclidean spaces, we formulate our definition
for random fields with values in a generic topological space &. For two sets S and 7, we denote by ST
the class of functions from 7 to S.

Definition I.1.1. Let (€, F, P) be a complete probability space, T a topological space and & some generic
space. An &-valued random field F on T is a collection {F(¢) : t € T} such that F(¢) is an E-valued
random variable forevery t € T. If & = R (& = R?, d > 2), we say that F is a real-valued (d-dimensional)
random field'.

1Sornetimes, we shall consider the case & = C, that is when F is a complex-valued random field. In this case, we can
decompose F = F| + iF;, where both F| and F; are real-valued random fields and i = V-1 € C.
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Unless stated differently, our random fields will be measurable mappings F : Q — &7, and we will
use the notation F(t,w) = F(t)(w) = F(w)(),t € T,w € Q interchangeably to indicate the value of
F(t) and drop the dependence on w. In this section, we will focus on a rich class of random fields,
known as Gaussian fields. We recall the probability density function of Gaussian random variables for
completeness and notational reasons.

Definition I.1.2. (i) A real-valued random variable N is said to have the Gaussian distribution with
mean u and variance o? (written N ~ N ( , o?)) if its characteristic function is

E [exp(itN)] = exp(iut — 0*t*/2), t€R.
In the case where N ~ N (0, 1), we say that N is a standard Gaussian random variable.

(i1)) For an integer d > 2, an R?-valued random variable N = (N, ..., Ng) € R9 is said to have the
d-dimensional Gaussian distribution with mean g = (uj, ..., ug) € R¢ and covariance function
Y € Maxa(R) (written N ~ Ny(u, X)) if its characterisitc function is given by

E [exp(i{t, N))] = exp (i(,u,t) - %(r, Zt)), t e RY,

where (e, o) indicates the canonical scalar product in R IfN ~ Ny(0,I;) withO € R4 denoting the
zero vector and I; the identity matrix, we say that N follows the standard d-dimensional Gaussian
distribution.

It is sometimes convenient to consider complex-valued Gaussian random variables. In the notations
of the above definition, a d-dimensional complex-valued random variable N € C¢ is said to have the
complex-normal distribution if N = Ng + iN;, where (Ng, Ny) is a 2d-dimensional real Gaussian vector
and i = V-1 € C. We are now in position to define Gaussian random fields taking values in Euclidean
spaces.

Definition I.1.3. (i) Let {F(¢) : t € T} be a random field in the sense of Definition I.1.1 with & = R.
Then, F is said to be a Gaussian field if for every integer k > 1 and every collection ¢y, ..., 1 € T,
the random vector (F(t1), ..., F(t;)) follows a d-dimensional Gaussian distribution.

(ii) Let {F(¢) : t € T} be a random field in the sense of Definition I.1.1 with & = R%,d > 2. Then F
is said to be a d-dimensional Gaussian field if for every a € R4, the random function {(a, F(-)) is a
real-valued Gaussian field, where (., -) stands for the canonical inner product in R4,

For a real-valued Gaussian field F as above, we define its mean function and covariance function by
mp(@) :=E[F@®)], Tr(@s):=Cov[F(t),F(s)], tseT.

By Kolmogorov’s existence Theorem (see for instance [Bil99, Chapter 7]), it is a known fact that the
reverse direction actually holds true. More precisely, given a function m : T — R and a non-negative
definite function? T' : Tx T — R, there exists a real-valued Gaussian process defined on some probability
space (€, ¥,P) with mean function mp and covariance function I'r and such that mg(t) = m(¢) and
I'p(t,s) =T(t,s) forevery t, s € T. In particular, this shows that Gaussian fields are entirely characterized
by the knowledge of the sole functions mg and I'r.

2Recall that this means Z?j:l ajajI(t;,t;) > 0 for every integer n > 1,a € R, € T".
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1.1.1.2 Stationarity and Isotropy of random fields

In this section, we discuss two important notions enjoyed by a large class of random fields arising in
numerous applications, namely stationarity and isotropy.

Stationary random fields. For what follows, we endow our parameter space 7 with a group structure
(+,0). In this setting, we then write t — s := t + (—s), where —s is the inverse of s. Furthermore, we
assume that the operation + is commutative®. For our purpose, we can always think of T as a subset of an
Euclidean space.

Definition I.1.4. Let F be a random field in the sense of Definition I.1.1. Then, we call F stationary (or
homogeneous) if for every integer k > 1 and every choice of ¢4, . .., tg, s € T, we have

(F(t1),....F(12) £ (F(t; + 5), ..., Ftz +5)), (L1.1)

d. .. e
where = indicates equality in distribution.

The distributional identity (I.1.1) merely tells that the finite-dimensional distributions of a stationary
random field is invariant under translations. As such it becomes clear that whenever F' is a stationary
random field with mean function mp and covariance function I'r, we necessarily have that mp is a
constant function of ¢ and that I'r depends on one variable only, that is, for every ¢, s € T, ['r (¢, s) only
depends on ¢ — s. By a slight abuse of notation, we shall always write I'r (¢, s) = I'r (¢ — s) in this case.
A further particularly nice property for random fields is known as isotropy, which we will discuss later in
Defintion I.1.7.

We will now discuss several approaches to generate examples of stationary random fields on Euclidean
spaces. From now on, we assume that F' = {F'(¢) : t € T} is a centred complex—valued4 stationary random
field on T = R% d > 1. In this setting, the covariance function 'z of F only depends on one single
variable and is given by ' (t—5) = E [F (t)m] , where 7 € C indicates the complex-conjugate of z € C.
The following result is known as Bochner’s Theorem (see [Boc33]). Heuristically such a result tells that,
among the continuous functions on R?, only those functions representable as the Fourier transform of a
finite measure are covariance functions.

Theorem 1.1.5. A continuous functionT : R? — C is a non-negative definite function if and only if there
exists a finite measure p on R? such that

I'@) =/ exp(i(t, 1)) p(d1) 1.1.2)
R4

for everyt € R,

The measure p in the statement is referred to as spectral measure associated with I'. In view of (1.1.2),
it follows that the covariance function I'r of a complex-valued centred stationary random field F admits
the representation

Tr(t) = / exp(it, A)p(dd), teR?
Rd

for some finite measure p = pr on R¥. In this case, we sometimes call p the spectral measure associated
with F. Furthermore, we have that Var[F (¢)] = I'r(0) = p(Rd ).

3We remark that if T is a non-abelian group, then one should distinguish between right and left stationarity: F is called
right-stationary if for every integer £ > 1 and every choice of ¢, ..., #, s € T, (I.1.1) holds, and F is called left-stationary if the
random field F = {F(t) =F(-t):te T} is right-stationary.

4Recall that this means that F is written as F = F} + iF; € C, where both F; and F> are real-valued random fields
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Our goal is now to show how one can construct stationary random fields from random measures. In
order to do this, we introduce complex-valued random measures. Let p be a finite measure on R¢ and
write Z to indicate a random measure with intensity p defined on a probability space (€2, ¥, P), that is,
Z = {Z (B):Be 8B (Rd)} is a collection of complex-valued random variables verifying the conditions

E[Z(B)] = 0.E[Z(B)Z(B))| = p(B1) and

BiNB,=0= Z(B1UBy) =Z(By) + Z(By), P-a.s.,
BiNB,=0=>E[Z(B)Z(B,)| =0

for every By, B, € B(Rd). Then, for a deterministic function
el (p):=1g: R > C:ligll},, = | &dp < oo,
L=(p) Rd
standard techniques allow to define the stochastic integral with respect to Z in L2(P)

Z(f) = /Rd f)Z(dA) (1.1.3)

by first defining it for elementary step functions f and then passing to the limit by a density argument.
We omit these details here. In particular, such a construction yields the isometry formula

E[Z(HZ()] = /R F3(Dp(d) = (f.8)ip)

valid for every f,g € L?>(p). By construction, it follows that if Z is a Gaussian measure® with intensity
p, then Z(f) in (I.1.3) is also Gaussian.

We can now state the spectral representation theorem, asserting that, if one replaces the deterministic
kernel f in (I.1.3) with the function A — f;(1) = exp(i(t, 1)) for some fixed ¢ € R4, then the resulting
random field {Z (fy):te R4 } is stationary.

Theorem 1.1.6. Let p be a finite measure on R and Z be a complex-valued random measure with
intensity p. Then the complex-valued random field {F (t):te Rd} defined by

F(1) =/ exp(it, 1)) Z(dA), t e R4 (1.1.4)
R4

is stationary with covariance function
Tt —s) =E[F(O)F(s)] = / exp(i(t — s, 1)) p(dA). 1.1.5)
R4

Moreover, for every centred, stationary complex-valued random field F = {F () :te Rd} on R4 with
spectral measure p, one can associate a complex-valued random measure Z having intensity p in such a
way that (1.1.4) holds in L*>(P) for every t € RY. The process Z is called the spectral process associated
with F.

S1In this case, we have that Z(B) is Gaussian for every Be 8 (R9). Moreover, in this case, the assumption that for disjoint
sets By and Bj, the random variables Z(B1) and Z(B,) are uncorrelated can be strengthened to independence.
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The spectral representation theorem above also has an analog for read-valued random fields, although
constructed in a slightly different way. We refer the reader to [ATO7, Section 5.4] for more details on this.

Derivatives of random fields. In what follows, we will provide useful formulae to compute covariances
between derivatives of random fields. Let us fix some notation first. In order to be as non-technical as

possible, we may assume that T = R? (or some subset of R¢) and denote its elements byt = (t1,...,tq).
For a multi-index @ = (a4, ..., ag) € N9, we define the differential operator
olal

@ . __
(2N aj aq’
8t1 ...atd

where || := Zle ay. When applied to a random field on 7 = R?, such an operator coincides with the
L?-derivative of F of order || in the direction of (ey, . . ., eg), where e ' stands for the j-th canonical basis
element of RY. We refer the reader to Section 1.4.2 of [AT07] for more details on the existence of such
objects. Let us now consider a random field F on R? with covariance function Tz (z, s) = E[F(t)F(s)].
It can be shown by means of the spectral distribution theorem (see Theorem 1.1.5) and the spectral
representation theorem (see Theorem I.1.6) that the covariance function of derivatives of F is given by

olel+1Bl

— Tr(t,s). (L1.6)
o1 .. atSe o . ol

E [D;’F(z)D‘jF(s)] =DDPTy(1,5) =

This formula has a particularly nice representation when we assume F to be stationary: indeed in this
case, in view of Theorem 1.1.5, we can write

Lp (1) =/ exp(i(t, 1)) p(dA),
R4

where p is the spectral measure associated with I'r. Then, setting s = ¢ in (I.1.6) yields

E[DfFODYF()] = DYDITE( = $)i=s = (-DPIDID]Tr(1)=0

(_1)|ﬁ|D;’Dtﬁ/ exp(i(t,/l))p(d/l)ltzo

R4

= (—1)'/3"1"0'*'5'/ A0 2%9p(dd) =2 i EIA (@),
R4

The quantity A(a) in the R.H.S is known as spectral moment of order «. A direct consequence of the
above discussion is the following: Assume that F is a centred random field on 7 = R, which is not
necessarily stationary. For j = 1,...,d, we let F;(t) := ijF (t), with e; € R indicating the j-th
canonical basis vector of R¢. Then, in view of the above differentiation rules we compute

E[F()F;()] = DYTr(t, $)js=r, te€T. (1.1.7)

In particular, if F is such that Var[F(t)] = ['r(z,t) = o2 is constant for every t € T, then the R.H.S
of (I.1.7) is equal to zero, implying that F(¢) and F;(¢) are uncorrelated random variables. When F
is a Gaussian random field, then this shows that F(¢) and Fj(¢) are independent. We remark that this
argument holds for fixed ¢ and does not extend to the entire processes F and F;. We shall often consider
such a situation in our applications, notably in Chapters II-IV.

Isotropic random fields. As already mentioned at an earlier stage, we will now discuss isotropic random
fields. For the following definition it is convenient to restrict to the case T = R¥.

Definition I.1.7. Let F be a stationary random field with covariance function I'z(¢). Then, we call F
isotropic if I'r only depends on the Euclidean length ||¢|| of t € T'.
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As for stationarity, we will identify I'r(¢) with I'p(]|¢]]). We remark that in Definition 1.1.7, we
defined isotropy for stationary F'. However, the notion of isotropy can also be defined for non-stationary
random fields: in this case, (as is also consistent with Definition 1.1.7), we call F isotropic if all its
finite-dimensional distributions are invariant under rotation, that is, for every integer k > 1 and every
choice of 14, ..., tx € T, one has that

(F(t1),...,F(ty)) 2 (F(g-t1),...,F(g.ty)) (I1.1.8)

for every rotation® g € SO(d). Here for t € T, we indicate by g.t the group action of g € SO(d) on ¢.
At this stage, it might be instructive to compare (I.1.1) and (I.1.8). Indeed, combining these definitions,
yields that stationary and isotropic random fields on Euclidean spaces are invariant under rigid motions,
i.e. geometric transformations of the form 7(¢,s) = g.t + s, where g € SO(d) andt,s € T.

We now see how the spectral measure p of a stationary random field F is affected under isotropy.
Let g € SO(d) be a rotation. Since ||¢|| = ||g.t|]| for every ¢t € T, if follows by Definition 1.1.7 that
I'p(t) =T'r(g.t) forevery t € T. In particular, by (I.1.2), we can therefore write

I'r(t) =Tr(g1) = /Rd exp(i(g.1, ) p(dA) = /Rd exp(i(t, g.4)) p(dA) =: /Rd exp(i(t, 1)) pg (dA),

where p, is the measure on R4 defined by Pg = po g~!. As this chain of equalities is valid for every
t € T, we deduce that p = p,, yielding that p is also invariant under rotations.

In the spirit of Bochner’s Theorem 1.1.5, the following important result characterizes stationary and
isotropic random fields on Eucliedan spaces. As its proof does not require any further technical tools and
is only based on notions that we have already introduced, we believe that its proof is instructive.

Theorem 1.1.8. A random field F = {F(t) :t € T} on T = R? is stationary and isotropic if and only if
its covariance function I'r admits the representation

| Ja-2rlitl)
I'r(t) = /R+ —(r||t||)(d_2)/2 I1(dr), (1.1.9)

where 11 is a finite measure on R, and J, indicates the Bessel function of the first kind of order p defined
by

(-D)k (x)z’”l’, pER.

J, = — | =
() ;) KT+ p+ 1) \2
Proof. Since F is stationary, in view of Bochner’s Theorem 1.1.5, we can write
I'r(t) = / exp(i(t, 1)) p(dd), 1 €R?
R4

where p is the spectral measure associated with I'r. Now define a measure Il on R, by ([0, r]) :=
p(B4(r)), where B4(r) indicates the d-dimensional Ball of radius r centred at the origin. Then, passing
to polar coordinates A = (r,uy,...,ug-1) € Ry X S9-1 in the above expression for 'z (¢) applied with the
vector t* = (||t]|,0,...,0) € RY, yields

ret) = [ exptitlanetn = [ Ti@n [ cato. e, 0.110)

Ry

%Here SO(d) denotes the special orthogonal group of d x d matrices. A more general version of this particular example
is obtained when defining random fields on homogeneous spaces. Recall that whenever G is a group, we say that a set 7 is a
G-homogeneous space if G acts transitively on T'. Isotropy in this setting is then defined by (I.1.8), where g.r € T indicates the
actionofge GonreT.
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where oy stands for the surface measure on S¢~!. Using hyper-spherical coordinates (¢, . . ., pa—1) €
[0, 7] % [0, 27]¢2 on S9! gives u; = cos ¢, so that the inner integration on S9! in (1.1.10) can be
computed as

/[0 (461 expilllr cos ) /[0 LG o pa-2)(sin @) (sin o) sindaa
= Cd/ d¢, exp(illtllrcos¢1)(sin¢1)d_2, (I.1.11)
[0,7]

where Cg := [ 5 a1 d($2, - . ., $a-2)(sin ¢1)?(sin ¢2)? 7 .. . sin ¢g_2. The integral in (I.1.11) can be
computed by means of Bessel functions as (see for instance [AS92])

; ~ o Ja-p )
d¢l eXp(lHt”r Ccos ¢1)(sm ¢1)d 2 - _
/[0’”] (rllz|)d=272

so that the conclusion follows _1irom (I1.1.10) once absorbing the normalizing factor C into [1. The measure
IT in the statement is then C4I1. O

Remark 1.1.9. In Chapters II and IV, we will focus on the so-called Berry Random Plane Wave. Such a
random field is a collection Bg = {BE(x) 1X € Rz} with parameter £ > 0, which is the unique centred,
isotropic and stationary Gaussian random field on R? verifying the Helmholz equation ABg +472EBg = 0,
where A denotes the Laplacian on the plane. Its covariance function is obtained when selecting I1(dr) =
8y, yg(r) in (1.1.9), with 6,, denoting the Dirac mass at u, that is E [Be(x)Be (y)] = Jo(2n VE||x - y|]).
We refer the reader to Section I1.2.2 of Chapter II and Chapter V for further generalizations on R? of this
Gaussian random field and Chapter IV for geometric investigations around its nodal length restricted to
rectangles.

I.1.1.3 Rice formulae for Gaussian random fields

In this section, we come a step closer to the essence of our applications discussed in this thesis, and
consider level sets associated with (Gaussian) random fields. Our scope is to provide explicit formulae
allowing one to compute expected values and higher-order moments of geometric measures associated
with these level sets. Such a collection of formulae, customarily known as Rice formulae (or Kac-Rice
formulae) will be fruitfully exploited in Chapter II, where we study the geometric measure of nodal sets
associated with multiple independent Arithmetic Random Waves.

In view of what will be studied in this thesis, the statements of this section will be presented for
multivariate Gaussian random fields on some Euclidean space, that is, unless otherwise stated, throughout
this section, we consider Gaussian random fields F : R? — R? for some integers d, d’ > 1. The following
definition introduces the principal objects of interest of this section.

Definition I.1.10. Let u € R be fixed and R c R a Borel set. For a function f : R — R?, we define
the level set of f at the level u as

Loa(f,Ru) ={t € R: f(1) =u} = [ ({u}) NR.
In the case where u = 0 € R?, we sometimes call Lga(f,R;0) the nodal set of f.

We remark here that the set Ly o (f, R;u) looks quite different according to whether or not d = d’.
Indeed, if d = d’, the level set will be a collection of isolated points, whereas in the case d > d’, in a
natural situation, it will be a sufficiently smooth Euclidean manifold of dimension d — d’. Indeed, assume
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that fis C !_smooth and that its Jacobian matrix jacf (t) e Maxa(R)att € Ly (f, R;u)has full rank d’,
so to contain an invertible sub-matrix of dimension d’ X d’. In order to avoid technicalities at this stage,
we assume that the latter is formed by the last @’ columns of jac(r). Writing 1 = (1,7) € R4 x RY,
it follows by the Implicit Function Theorem that there exist neighborhoods V c R4 of t € R?~% and
V c R? of r € R? as well as a function g = &:V- V, such that the set of points {(g,g(g)) 1S € Z}
is a local parametrization of Ly 4 (f, R;u). This justifies that Ly o (f, R;u) isa C I_smooth manifold of
dimension d — d’.

In Definition 1.1.10, the function f is deterministic. The idea of this whole part is to replace f with a
(Gaussian) random field F'. In this setting it becomes evident that the set L4 4 (F, R; u) is random and it is
thus natural to study geometric quantities associated with it from a probabilistic point of view. Typically,
we are interested in the ’size’ of the level set, that is, its geometric measure

Vaa(F,R;u) == Ha—a(La,a (F,R;u)), (L.1.12)

where H,_,4 denotes the (d — d’)-dimensional Hausdorff measure. Note that in the case where d = d’,
this reduces to the counting measure. Also, we will only deal with the case d —d’ > 0, as the case d < d’
is not interesting from a purely probabilistic view point: indeed, in this case the level set Ly 4 (F, R; u),
will be almost surely empty with measure zero.

The following deterministic result is a crucial identity known as Area formula (in the case d = d’) and
Co-Area formula (in the case d > d’), see for instance Proposition 6.1 and Proposition 6.13 in [AW09],
respectively. For a matrix M € M« (R), we define the function

D, 1 (M) := /det(MMT).
In the case n = k, @, x (M) = | det(M)]| thus reduces to the modulus of the determinant.

Proposition L.1.11. Let f : R — R? be a C! function such that the set of its critical values’ has
Lebesgue measure zero. Let g : RY — R? be a continuous bounded function. Then, for every Borel set
R c R4,

/Rl/g(u)(Vd,df(f,R;u)du=AQd',dGaCf(t))g(f(t))dt, (1.1.13)

wherejacf(t) € Muaxa(R) denotes the Jacobian matrix (a%f(i)(t)) evaluated at t.

A more general version of formula (I.1.13) due to Federer (see [Fed59]) is known in the setting where
f is a function between Riemannian manifolds. We also point out that the assumption on the critical
values of f to have Lebesgue measure zero is automatically verified when f is sufficiently regular in view
of Sard’s Theorem (see [Sar42]).

An integral representation of geometric measures. For our purpose, the essential role of Proposition I.1.11
is to derive an explicit integral form for the geometric quantities V; 4 (f, R;u). Indeed, by a suitable
approximation argument, it is not more restrictive to directly apply formula (I.1.13) when replacing g
with indicator functions. Such a route is efficiently exploited in the literature dealing with the growing
study of Gaussian Laplace eigenfunctions, and shall be used at several occasions in this thesis. Here
below, we briefly sketch this argument for clarity. Assume that we want to derive an expression for
Vaa(f,R;z) for some z € R4 and that the mapping z — Vga(f,R;z) of the threshold level z

7Critical values of f are the images of its critical points.
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is continuous. The idea is to take for g an approximation of the singular Dirac mass J,, by setting
8o (;2) = (28)™ T19., Lige—e, o1 (ur)s u € RY for & > 0. Using (I.1.13) then leads to

/ ’ (28)_d/(vd,d/(f’ R,M)du = / q)d/,d(]acf(t))gs(f(t),Z)dl
¢ [zx—e.zi+&] ® .

Letting £ — 0 on both sides of the above relation then yields in some natural sense that

Vi (f, R;2) = /R Do aliac, ()5, (F ),

yielding in particular an integral expression for the geometric measure V; 4 (f, R; z). Such arelation will
be the starting point for our analysis led in the forthcoming chapters, when we study the Wiener-1t6 chaos
expansion (that is an orthogonal expansion in Hermite polynomials) of volumes of the type Vg o (f, R; 2).

We will now come to Rice formulae. The intensive study of Rice formulae for Gaussian processes
started in the sixties with the works by Itd [Ito] in 1964, Cramer and Leadbetter [CL65] in 1965 and
Belayev [Bel66] in 1966. Loosely speaking, Rice formulae are useful when computing expectations or
higher-order moments of the random variables V; 4 (F, R;u) where F is a random function. At this
stage, the reader might wonder why we keep carrying the explicit dependence on d and d’ in several
occurrences. Although these integers are kept fixed throughout, the reason for this is that the theory
of Rice formulae slightly differs whether we consider d — d” = 0 or d — d’ > 0, as is also partially
explained by the simpler form of the function ®, 4 in the case d = d’. In particular, some technical
discrepancies show up when looking at the proofs of the respective cases. In order to keep the present
part as self-contained as possible, we decide to state Rice formulae in a unified statement, and therefore
stick to our notations — our apologies go to the annoyed reader.

In order to give a taste of how Rice formulae come up in general, we present a heuristic argument
which we believe is useful to have in mind. In what follows, we replace f by a Gaussian random field
F : R? — R4, Applying Proposition I.1.11 with f = F and a sufficiently regular function g and taking
expectations on both sides®

/Rd/g(u)E [Va,a (F, R;u)] du = /RE [©ar,a(acy (1))g(F(1))] dt

[t [ duE [0t ) FOIF® = ] pry

/Rd, g(u) (/RE [®a,ar Gacy (D)) F (1) = u] pF(z>(u)dt) du,

where pr(;)(u) denotes the probability density function of F(f) computed at u. Since g is arbitrary this
shows that for almost every u, we have

E[Vaa(F,Ru)] = /RE [®g,qa Gacg ()| F(t) = u] pr)(u)dt. (I1.1.14)

This formula is one possible formulation of Rice’s formula. In what follows, we introduce some necessary
assumptions on F under which the above displayed argument can be made rigorous.

We fix integers d > d’ > 1 and k > 1. Here k will denote the moment-order for later. Also, let
u € RY be fixed.
Assumption A(d,d’; k;u). Assume that F : RY — R¢ is a random field verifying the following four
conditions:

8ﬁreely exchanging integration and expectation operators for the moment, this is why we call it a heuristic argument. This
point will be made rigorous by Assumption A(d, d’; k; u) later.
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1) F is Gaussian
2) the trajectories t — F(t) are P-almost surely C I_smooth

3) forevery distinct?y,...,t; € R4, the random vector (F(t1), ..., F(tx)) is non-degenerate in (Rd')k,
i.e. its covariance matrix is invertible

4) P{3r e R?: F(t) = u, rank(jacy (1)) # d'} = 0.

We remark that, in the case d = d’, the rank condition stated in 4) requires that, with probability one,
the Jacobian matrix jac () is invertible for every ¢ in the level set Ly o (F,R,u). In our applications
to Gaussian Laplace eigenfunctions presented in Chapters II-III, the assumptions 1) to 4) above are all
verified. Several sufficient conditions in order for a random field to satisfy the non-degeneracy condition
4) are studied in the literature (see for instance Propositions 6.5 and 6.12 in [AW09] for further details on
this).

We have now presented all the necessary requirements in order to state Kac-Rice formulae (see
Theorem 6.3 and Theorem 6.9 in [AW09]). A proof of Rice formula for the mean of the geometric
measures was provided by Wschebor [Wsc82] in 1982, and was followed by generalizations to higher
moments in [Wsc83] in 1983. In the statement here below, for a vector-valued random variable Z, we
indicate by pz(z) its probability density function evaluated in z.

Theorem 1.1.12. Let d > d’ > 1 and k > 1 be integers and let u € RY. Assume that F : R¢ — RY
satisfies Assumption A(d, d’; k;u). Then,

(i) ifd =d’, letting (r)i := H;?:l(r —j+ 1) forr eR,

k
E[(Vaa (F.R:w),] = /RkE [ | ®a.atiacy@)|F) = ... = Ft) =u
j=1
-p(F(tl),_,_,F(tk))(u, Lou)dty L. diy

(ii) ifd > d’, then

k
E Vi (F.R:w)| = /RkE [ [®aaGacet)|F@) =... = Ft) = u
j=1
DF (1)), ... F(ty)) Uy .. yu)dty ... diy.

A few remarks concerning Theorem I.1.12 are in order.

Remark 1.1.13.  (a) Although in the above formulae the R.H.S of both cases (i) and (ii) look exactly the
same (with the only difference appearing in the explicit form of @ ;) , there is a crucial difference
on the L.H.S. Indeed, whereas in the case d > d’, we have a formula for the exact k-th moment of
the geometric measure Vo (F, R; u), in the case d = d’ we have a formula for its falling factorial
moments of order k. This means in particular that, in order to compute exact k-th moments in the
case d = d’, those have to be established by means of falling factorials: for instance in the case
k = 2, for arandom variable X, one can make use of the identity X2=XX-D+X = (X)a+(X)1,
so that upon taking expectations, the second moment of X is obtained as a linear combination
of falling factorial moments of X. We shall exploit this in Chapter II in order to deduce variance
estimates of certain geometric measures.
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(b) Setting £ = 1 in both formulae above yields the formula for the mean of the geometric measure, as
derived heuristically in (I.1.14).

(c¢) We point out that several extensions of Rice formulae are available. One among them gives similar
identities for expected values of products of the form ]_[’;:1 Va,a(F,R;u;), where the u;’s are
distinct levels. Rice formulae similar to those above with slightly different assumptions are also
valid for certain classes of non-Gaussian fields, in particular for random fields that are functionals
of an underlying Gaussian field. For both situations, we refer the reader to [AW09, Section 6] for
further reading in this directions.

I.1.2 Gaussian analysis and Malliavin Calculus

In the forthcoming sections, we present some background from Gaussian analysis and introduce tools
from Paul Malliavin’s infinite-dimensional calculus of variations, initiated in the seminal contribution
[Mal78]. In a first part, we discuss a number of properties of the classical Hermite polynomials on the
real line allowing one to formulate the celebrated Wiener-1t6 chaos decompositions of square-integrable
functionals of a certain underlying Gaussian field. In a second part, we extensively present the so-called
Malliavin operators and their relations, yielding in particular an intrinsic integration by part formula. We
finish this section with a presentation of Fourth Moment Theorems on Gaussian Wiener chaoses.

I1.1.2.1 Hermite polynomials: the road to Wiener chaos

Let us start with a simple, but important observation. We denote by y (x) the standard Gaussian probability
density function. Then, for any sufficiently regular’ real-valued functions f and g, an application of the
classical integration by part formula gives

/R £y = - /R () (g0 ()’ dx = - /R £ (8 (y(x) - g(0)xy(x)) dx.
Of course, the above relation can be written as

E[f(N)g(N)] =E[f(N)(Ng(N) - g"(N)] = E [f(N)dg(N)], (I.1.15)

where N ~ N (0, 1), and 6g(x) := xg(x) — g’(x). Relation (I.1.15) is known as a Gaussian integration
by part formula, and has — among others — many ramifications within the theory of Stein’s method'?.

We now define the collection of Hermite polynomials on the real line, which will play a prominent
role all over this thesis. There are several equivalent ways to introduce Hermite polynomials.

Definition I.1.14. The collection of Hermite polynomials on the real line {Hy, : k > 0} is defined recur-
sively by the relation

Ho(x) = 1, Hg11(x) = xHi (x) = kHp—1(x), (1.1.16)

for k > 1. Equivalenlty, they are defined via Rodrigues formula
k
25 d
Hi(x) = (=)*e" P ——
dxk
9for the moment, by sufficiently regular, we mean such that the constant term in the integration by part formula vanishes.
10For instance, taking f equal to a non-zero constant function ¢ yields the relation 0 = E [6g(N)],i.eE [g/(N)] = E [Ng(N)].

This is known as Stein’s caracterization for the normal distribution. We refer the reader to Section VI.1.1 of Chapter VI for
further reading on Stein’s method associated with the normal distribution.

2, (1.1.17)
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The following proposition gathers some useful properties of Hermite polynomials, when combined
with the standard Gaussian distribution. We write L>(R, B(R), v(x)dx) =: Lz(y) for brevity and denote
by N a standard Gaussian random variable.

Proposition I.1.15. (i) For every k > 0,x € R, we have that Hy(x) = 6¥1 (where & is as in (1.1.15)
and 6P f := 6 0 6P~ f with 8°f := 1)

(ii) Forevery p,q > 0, we have that E [HP(N)Hq(N)] =1,-4p!
(iii) The collection {(k!)‘l/sz k> O} is an orthonormal basis of L*(y).
(iv) For every x,t € R, we have that exp(xt — 12)2) = Zkzo(k!)_lHk (x)tk.

Proof. (i) Differentiating Rodrigues formula (I.1.17) on both sides gives H ,2 (x) = xHp(x) — Hiy1(x).
Comparing this with the recurrence relation for Hermite polynomials in (I.1.16) shows that H, =
k Hy_1. Substituting this into the recurrence relation, we deduce that Hy1(x) = xHy(x) - H ]; (x) =
SHi(x) = 6*Hp—2(x) = ... = 6*Hp(x) = 6*1.

(ii) Combining (i) and the integration by part (I.1.15) yields E [Hp(N)Hq(N)] =
E [H,(N)6Hy-1(N)] = pE [Hp_1(N)Hy-1(N)] . The claim now follows by induction.

(iii) By (ii), it follows that the family is orthonormal in L*(y). A standard approximation argument
shows that monomials (x : n > 0) are dense in L? (7). The desired conclusion then follows when
expanding Hermite polynomials in the basis of monomials (see for instance [NP12a, p.19]).

(iv) Since f;(x) := ¥ € L?(y) for every ¢, in view of point (iii), we can expand ¢*’ = Dk>0 %Hk (x),
where a; = E [et NH (N )] . These coefficients can be computed directly via (I.1.15),

E[eVH(N)| =E[eV6Hi1(N)] = B[V Hio ()] = ... = *E [e'V] = ket’2,

where we used the Gaussian moment generating function and (i). The desired conclusion is then
obtained by rearranging the factors accordingly.
O

The next definition introduces a particular class of Gaussian processes, indexed by Hilbert spaces.
Throughout, we shall now fix a complete probability space (€2, #, P) on which random objects are defined,
as well as a real separable Hilbert space H, endowed with inner product (., -) g and associated norm ||-||z.

Definition 1.1.16. A real centred Gaussian process X = {X(h) : h € H} on (Q, F,P) is called isonormal
ifE[X(h)X(g)] = (h,g)y for every for every h,g € H.

It can be shown that isonormal Gaussian processes exist given a separable Hilbert space (see for
instance [NP12a, Proposition 2.1.1]). Moreover, if X is an isonormal Gaussian process, the associated
mappings i — X (h) are linear in L?(Q, ¥, P). We shall from now on assume that 7 = o (X) is generated
by the isonormal Gaussian process X and use the short-hand notation L>(Q, 7, P) =: L*(P).

The following Theorem I.1.18 below is known as Wiener chaos decomposition and constitutes a major
cornerstone of this thesis. We start by defining the Gaussian Wiener chaoses.

Definition I.1.17. Let X be a isonormal Gaussian process on H. For every integer k > 0, we define the
space C,g( as the closed linear subspace of L*(P) generated by random variables of the form Hy (X (%))
with |||l = 1. By construction Cy = R. We call C¥ the k-th Wiener chaos associated with X.
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Theorem 1.1.18. We have L*(P) = @kzo C,?(, that is, every F € L*(P) can be written as a L*(P)-
converging series

F=ZHk(F), (1.1.18)

k>0

where Il : L*(P) — C,f( stands'! for the orthogonal projection operator associated with the k-th Wiener
chaos of X.

Proof. In order to prove the claim, it suffices to show that, if ¥ € L?(P) is such that Y is orthogonal to C,f
for every k > 0, then Y = 0, P-almost surely. Since Wiener chaoses are spanned by Hermite polynomials,
we therefore assume that E [Y Hi (X (h))] = O forevery k > Oand every & € H with ||h||y = 1. Expanding
monomials in the basis of Hermite polynomials, it is equivalent to assume that E [Y X (4)"] = O for every
r > 0, and therefore by summation, E [Y exp(X(h))] = O for every h € H,||h|| = 1. Applying the
latter relation to & = 3/ _, axhx € H and exploiting the linearity of the mapping # +— X (h) shows that
E [Y exp(Xi_, akX(hk))] =0 foreveryn > 1 and ay,...,a, € R. This shows in particular that the
Laplace transform on R" associated with the measure

u(A) :=E[YLI[(X(hy),...,X(hy)) € A]l, A€ BR")

is identically zero on R”. This implies that u = 0 on R" and therefore E [Y|o (X)] = 0, which gives the
desired conclusion. O

We now introduce the Ornstein-Uhlenbeck semigroup.

Definition 1.1.19. For F € L?(P) as in (I.1.18), we define the Ornstein-Uhlenbeck semigroup {P; : t > 0}
by

PF =" eI (F) e L*(P), 120. (11.19)
k>0

It is easy to verify from the above definition that { P, : r > 0} indeed satisfies the semigroup property,
that is, P, o Py = P,y for t,s > 0, with Py being the identity operator on L?*(P). From (I.1.19) we
furthermore deduce that the R.H.S actually coincides with the Wiener chaos expansion of P, F, that
is, I (P,F) = e MII (F). We will now derive a different representation of the Ornstein-Uhlenbeck
sempigroup. In order to do this, we define an independent copy X’ of X on some probability space
(Q’, F’,P’), in such a way that X and X"’ are both defined on the product space (A x Q', F @ F/,PQP’).
For a parameter ¢ > 0, we define the auxiliary process {X’(h) : h € H} given by X'(h) := ¢ "X (h) +
V1 — e 2 X’(h), h € H. It is straightforward to see that X’ (%) is centred Gaussian and by independence

E [(e_’X(h) + V1= e‘er'(h)) (e_’X(g) + V1 - e‘ZtX’(g))]
= e (hgyy+ (1 —e ) h gy = (h.gn.

for every g, h € H, that is, X’ 4 X for every fixed t > 0. Since F € L%(P) is measurable with respect
to X, we may write F = ¢(X) for some measurable ¢ : R¥ — R. The following result is known as

Mehler’s formula and yields a useful alternative representation of P, F in (1.1.19).

E[X'(WX'(g)]

n the literature, it is customary to find the notation Ji (F) instead of ITy (F). We shall however reserve the symbol J; for
the Bessel function of order k. Throughout this thesis, we will also make use of the notations proj(F I(J];X ), proj; (F) and F[k]
to indicate I (F).
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Proposition 1.1.20. Let F € L*(P) be as above. For everyt > 0,

P,F=E [¢(X’)|X] =F [go(Xt)] , (1.1.20)
where B’ indicates expectation with respect to P’.
Proof. By means of Jensen’s inequality, it is easily shown that both definitions of P, in (I.1.19) and (I.1.20)
define linear contractions on L (P), thatis, || P, F|| 2@ < lIFllL2p)- Itsuffices to prove that both definitions

coincide on L?(P). Since the exponentials {eX (m=1/2 . e H, ||h|| = 1} form a dense subset of L2(P) it

is enough to consider the case F = ¢X"~1/2 for h € H with ||h|lz = 1. By (I.1.19) and Proposition
I.1.15 (iv) (applied with # = 1), we have that [T (P, F) = e ¥ II; (X" ~1/2) = =% (k!)"VH; (X (h)), for
every k > 1. On the other hand, using (I.1.20), yields (bearing in mind the definition of X’)

‘ 1
P,F = FE [eX <h>—1/2] =F [exp (e—fX(h) + V1 —e2X'(h) - 5)]

exp (e—’X(h) - %) E’ [exp ( Vi e—ztx’(h))

where we used the Gaussian moment generating function. Applying again Proposition 1.1.15 (iv) yields,
P, F = Zkzo(k!)‘lHk(X(h))e"k, so that [Tg (P, F) = (k) ' Hy (X (h))e~ "%, for every k > 1. From this
we deduce that the projections on every Wiener chaos coincide for both representations of P;F, thus
finishing the proof. O

e—2z
= exp (e_tX(h) - T)’

Applying the action of P; in (I.1.19) on chaotic random variables of the form Hy (X (h)) with ||| = 1,
we obtain the relation

P Hi(X(R)) = e M H (X (h)). (I1.1.21)

In particular, this shows that Hy is an eigenfunction of P, with eigenvalue e *. We now show that an
appropriate application of Mehler’s formula on Hermite polynomials allows one to deduce the following
extension of the orthogonality identity in Proposition I.1.15 (ii).

Remark 1.1.21. In Chapter III, we study generalized matrix Hermite polynomials taking matrices as
arguments and introduce generalized Ornstein-Uhlenbeck operators acting on these. Therein, the overall
following argument (see Proposition 1.1.22) for univariate Hermite polynomials will be mimicked in
a suitable fashion in order to derive the counterpart orthogonality relation for matrix-variate Hermite
polynomials. Also, we obtain the matrix analog of relation (I.1.21). We refer the reader to Section I11.3.3
for more details.

Proposition 1.1.22. Let (X,Y) be a centred Gaussian vector such that B [Xz] =E [Y 2] = 1 and
E[XY] = p. Then, for every p,q > 0, we have that

E [Hp(X)Hy (V)| = 1pgp!p”.

Proof. When p = 0, X and Y are independent and both sides are trivially zero. Assume therefore that

p # 0. By the covariance structure of (X, Y), we have that (X, Y) 4 (X, pX + /1 — p2X’) where X’ is
independent of X. If p > 0, by conditioning on X and using (I.1.20), we can write

E [Hp(X)Hy (V)] =E [HP(X)E [Hq (pX + 41— p2X’) X”

= E [Hp(X) P Hg(X)] = e 1" B [H, (X)Hy (X)] = pPLp=gpl.

where we used (I.1.21) and Proposition 1.1.15 (ii). In order to prove the statement for p < 0, one can

proceed similarly and use that fact X 4 _x , as well as the symmetry relation H, (-X) = (-1)9H,(X). O
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1.1.2.2 Multiple integrals and Malliavin operators

In this section, we introduce the so-called Mallivin operators on a Gaussian space. We consider an
isonormal Gaussian process X = {X(h) : h € H} indexed by a real separable Hilbert space H. We write
S for the class of smooth random variables, that is, elements of the type f (X (hy), ..., X (hy)),m > 1 for
some smooth function f : R™ — R having partial derivatives with polynomial growth. Since S contains
elements of the form Hy (X (h)), itis dense in L9 (P) for every ¢ > 1. We shall start by fixing some more
notation, that will be used throughout.

Notation 1.1.23. (On Hilbert spaces)

e For a separable Hilbert space H and an integer r > 0, we write H®" (resp. H®") to indicate
the r-th (resp. symmetric) tensor product of H, with the convention that H®' = H®' = H and
H® = H =R

* Let(ej: j 2 1) beaorthonormal basis of H. Forh = %;, i >iu(i1,...,ip)e;®...®¢;, € H®P,

we denote by h e HOP its symmetrization given by'?

= 1 . .
h= o1 Z Z Uy« sip)eivgy ® ... @iy,

TESp ilyeemip2l

where S, stands for the symmetric group of {1,...,p}. Furthermore, for basis elements [ =
e, ®...®e;, € H?P,g = ¢ ®...®¢;, € H® and an integerr = 0,...,p A q, we define the
r-th contraction f ®, g as the element of H®P*472") defined as f ®o g 1= f ® g (the usual tensor
product) and forr =1,...,p A q,

r

f® g:= (H(eik,ejkm) €, ,®...0¢,Q¢;, ,®...0¢. (1.1.22)
k=1

« For a probability space (Q, F,P) and a Hilbert space H, the notation L*>(P; H) stands for random
variables Y taking values in H and verifying E [||Y ||%1] < 00,

Definition I.1.24. Let p > 1 be an integer and ¢ > 1 be a real number. For F = f(X(hy),..., X(hy)) €
S, we denote by DPF € L1(P; H®P) the p-th Malliavin derivative of F given by

DPF = — X)), .. X((h))hi, ® ... Q h; .
2, gy KO Xy @ 8 b,

i],...,ip =1
When p = 1, we write D! = D and call D the Malliavin derivative.

The operator DP : L9(P) — L4(P; H®P) is shown to be closable; we write Dp,q to indicate the
closure of S with respect to the norm

p 1/q
IFls,., = (ZE [||D’<F||,‘§®k]) :
k=1

121¢ can be shown that, in the case where H = L? (A, o7, p) for some non-atomic measure space (A, <7, ), the Hilbert space
H®P (resp. HOP) can be identified with LZ(AP, /P, u®P) (resp. L2(AP, /P, u®P)). Inthis case, the symmetrization of & reads
h(ay,...,ap) = (p!)_1 degp h(aiy s ai(,(,,)) and the contraction kernel in (I.1.22) reduces to f ®,- g(ay, .. ., aprg-2r) =
Jar fts oo xpan, . app)g (XL - Xy Ap_pits - - .,ap+q_2r)p®r(dx1, L dxy).
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and call D,, , the domain of D? in L9(P). The Malliavin derivative has natural properties: for instance,
when F € Dy, for some ¢ > 1 and ¢ : R — R is a sufficiently regular function (for instance C !_smooth
with bounded derivative), then D enjoys the following chain rule property ([NP12a, Proposition 2.3.7])

Dy(F) = ¢'(F)DF. (1.1.23)

We now define the adjoint operator of D? : L*(P) — L%(P; H®P), called the divergence operator and
denoted 57. We denote by Domd” the subset of L?(P; H®?) consisting of those u verifying the condition
that there exists a constant C = C(u#) > 0 such that

[E [(DPF,u)pen ]| < ClIFlla@,  VF €S,

that is, those u for which the linear functional 7, (e) := E[(D” e, u)yep] is continuous from L?(P) to R.
Therefore the following definition is justified by Riesz representation Theorem.

Definition I.1.25. For every u € Domd”, we define 67 (u) as the unique element of L?(P; H®P) verifying
E [(DPF,uyger | = E[F6P(u)], VF €S. (1.1.24)
When p = 1, we simply write 6' = ¢ and call it the divergence operator'>.

Now, we are in position to define the so-called multiple integrals: as we will see these objects generalize
Hermite polynomials introduced above, thus being indispensable characters in modern Gaussian analysis.

Definition 1.1.26. Let p > 1 be an integer and f € H®P. We define 1,,(f) := 67 (f), and call I,(f) the
p-th multiple Wiener integral.

Using the recurrence relation for Hermite polynomials (I.1.16), it can be shown that ([NP12a, Theorem
2.7.70)

Hi(X(h) = [ (h®%),  he H,||hllg =1 (1.1.25)

that is, multiple Wiener integrals can be thought of as an infinite-dimensional generalization of Hermite
polynomials. Here, h®* stands for the k-fold tensorization of 4 with itself. In particular, I, : H®* —
C,f‘ C L?(P) defines a linear isometry. Using the duality relation (I.1.24), it is not difficult to prove the
following isometry relation ([NP12a, Proposition 2.7.5])

E[1p()Ig(8)] = Lp=gpf. &omier. Vf € H®P g € H®. (1.1.26)

In particular, we deduce that Var[Ip( f )] = plf ||%1®,,. By the above discussion, we thus have the
representation C,f =1,(H k) for the k-th Wiener chaos associated with X. In the parlance of multiple
integrals, the content of Theorem 1.1.18 asserts that, for every F € L*(P), there exist uniquely defined

kernels fi € H® such that
F =) L(fo), (L.1.27)
k=0

with Iy(fo) = fo = E[F]. A useful property enjoyed by multiple Wiener integrals is the multiplication
formula,

PAg

L(NI) = Y. r!(f ) (j’)lm_zr(férg), VfeH®P geH®, (1.1.28)

r=0

131t is instructive to compare (I.1.24) with (I.1.15). Indeed, in the one-dimensional setting, the operator 6 reduces to
6f(x) = f'(x) — xf(x), whereas D is the standard differentiation operator of real functions. In the case p = 1, the duality
relation (I.1.24) reduces to the integration by part formula obtained in (I.1.15).
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where f®, ¢ indicates the symmetrization of the r-th contraction f ®, g € H®P*472")_ Such a formula
implies that the product of two chaotic random variables I,,(f) and I,(g) is an element living in the
orthogonal sum of all the Wiener chaoses of order not exceeding p + q.

A further central property possessed by multiple integrals is the following hypercontractivity property,
[NP12a, Theorem 2.7.2]. For every integer p > 1 and real number g > 2,

1 (DlliLa@) < e DIMp(Hli2@), Yf e HOP, (1.1.29)

where c(p,q) = (q — 1H)P/2, Essentially, it means that on a fixed Wiener chaos, all L” (P) norms are
equivalent. We finish this part on multiple integrals by the following remark, justifying their name.

Remark 1.1.27. Let H = L*([0,T], B([0,T]),dt), and consider a standard Brownian motion W =
{W(t) : t > 0} started from zero. We can realize W as the isonormal Gaussian process X indexed by H

via W () dx (L10,r7)- In this specific framework, an appropriate approximation argument shows that the
p-th multiple integral I,,(f), f € H®P with respect to X coincides with the multiple Wiener-It6 integral
with respect to W

Ip(f):/ f(tl""’tp)thl"'thp'
[0,y

This representation justifies the name of multiple integrals.
We now define two further Malliavin operators.

Definition 1.1.28. Let F € L*(P) be as in (I.1.18). We say that F € DomL if Y k*E [T (F)?] < o
and if so, we set

LF = Y (-0T(F), L7'F =" (=)~ Tk (F). (11.30)

k>1 k>1

As previously mentioned for the Ornstein-Uhlenbeck semigroup, we see that (I.1.30) implies that
i (LF) = —kII;(F) and TIi (L™ F) = (k)" (F), respectively. In particular, for F € C,f we observe
that LF = —kF, that is C,f = ker(L + k I), where I stands for the identity operator on L?>(P). Using the
chaotic expansion of f, [f iFn (I.1.19), it can be shown that L is the infinitesimal generator of {P; : ¢ > 0},

that is LF = lim;,o ==— in L?(P) (see for instance [Nua95, Proposition 1.4.2]). The operator L 'is

called the pseudo-inverse of L, in view of the relation

LL'F = Y (=) LI (F) = ) (=k) ™ (=k)Tk(F) = Y T (F) = F ~E[F].

k>1 k>1 k>1

The following remarkable result yields an explicit connection between the Malliavin operators D, &
and L (see [NP12a, Proposition 2.8.8]), and has as a by-product a particularly beautiful integration by
parts formula (see [NP12a, Theorem 2.9.1]) . Such an intrinsic relation lies at the core of Stein-Malliavin
calculus and yields a starting point to deal with a number of quantitative limit theorems that we will
present in the next section.

Theorem 1.1.29. (i) F € DomL if and and only if F € Dy 3 and DF € Domé, and LF = —0DF.

(ii) For F,G € Dy and a C'-smooth function g : R — R with bounded derivative, we have

E[Fg(G)] =E[F]E [¢(G)] +E[g'(G)DG.-DL™' F)y] . (1.1.31)
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Proof. (i) Usingthe Wiener chaos expansion (I.1.27) and the fact that the spaces C,f( are dense in L2 (P),
it suffices to consider the case where F = I (f) for some f € H®* and k > 1. On the one hand,
we then have LF = —kF. On the other hand, —6(DF) = —0(klx-1(f)) = —k6(Ux-1(f)) = —kF,
where we used that DI,.(f) = rl—1(f) and 61 (f) = I,+1(f) forr > 1.

(ii) Using the fact that LL™'F = F — E[F], we can write

E[(F -E[F])g(G)] =B [L(L™'F)g(G)| =E [6(-DL™'F)g(G)]
= E [(Dg(G),-DL™'F)u| = B [¢'(GXDG,-DL™' Fyu],

where we used the conclusion of (i), the duality relation (I.1.24) and the chain rule property (I1.1.23).
O

1.1.2.3 Fourth moment theorems

In this section, we present the so-called Fourth Moment Theorems, which — roughly speaking — consist in
a series of statements asserting that, for sequences of chaotic random variables F;,, their convergence in
distribution to a Gaussian random variable N is guaranteed by the sole convergence of the fourth moment
of F,, to that of N. In this respect, fourth moment theorems provide a radical simplification of the classical
method of moments for proving probabilistic limit theorems. Since its derivation in 2005 by Nualart
and Peccati, fourth moment theorems have become a popular and efficient tool to deal with central limit
theorems on Wiener chaoses. An updated list with a countless number of works dealing with applications
around the Fourth Moment Theorem can be found on the website

https://sites.google.com/site/malliavinstein/home

maintained by Ivan Nourdin.

We recall that for a random variable Y € LP(P) for every p > 1, the sequence of cumulants
{Kp(F) p=12,.. } is defined by the relation
: (in?
logE [exp(itY)] = Kp(Y)—', teR
p=1 p:

in such a way that k1 (Y) = E[Y], ko(Y) = Var[Y], etc.

The following theorem is due to Nualart and Peccati in 2005 ([NP0O5]) and Nualart and Ortiz-Latorre in
2008 (INOLO08]). It gives a set of equivalent conditions characterizing convergence in law of a sequence
of multiple Wiener integrals to a Gaussian random variable. Their proof is based on the use of the
multiplication formulae (I.1.28) for multiple Wiener integrals and the Dambis-Dubins-Schwarz Theorem
(see for instance [RY99, Chapter 5]) to transform F;, into a suitable time-changed Brownian motion. The
equivalence between (i) and (v) was proven by Nualart and Ortiz-Latorre in [NOLOS8] using techniques
from Malliavin calculus. A somewhat different and more general approach was initiated by Ledoux in
[Led12], where normal approximations of sequences of eigenfunctions associated with Markov chaoses
are studied from a spectral view point. We refer the reader to [ACP14] and [AMMP16] for further works
in this direction. We refer the reader to Notation 1.1.23 for the definition of contraction operators on
Hilbert spaces.

Theorem 1.1.30. Let {F,, : n > 1} be a sequence of random variables F, = I,(f,) for some p > 2 and
fn € H®P such that Var[F,] — c% asn — co. Let N ~ N(0,02). As n — oo, the following assertions
are equivalent:


https://sites.google.com/site/malliavinstein/home
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(i) F, 5N

(ii) B [F}] - B [N*] = 30* (or equivalently k4(F,) — k4(N) = 0)
(iii) ||fn§rfn||H®<zp_zr> — O foreveryr=1,...,p—1

(v) | fu®r fullgeep-2r — 0 foreveryr=1,...,p—1

(v) Var[|IDF,|%] - 0.

The following multi-dimensional generalization of Theorem 1.1.30 is due to Peccati and Tudor, see
[PTOS].

Theorem 1.1.31. Let d > 2 be an integer. Let {F,, : n > 1} be a sequence of vector-valued random
variables F,, = (F,i, .. .,Ff) such that for every k = 1,...,d, F,’f = Ip, (f,];) for some px > 1 and
fk e H®Px, Assume that the covariance matrix X, of F, satisfies £,(i,j) = E [F,’LF,JI] — o, j) as
n— oo foreveryi,j=1,...,d. Let N = (N',..., N ~ Ny(0,%), where £(i, j) := o (i, j). Asn — oo,

we have
d k4 ak
(FnaN) = (Fn—>N, Vk=1,...,d).

In particular, the above statement allows to deduce that, for a sequence of random vectors with chaotic
components, marginal convergence in distribution is equivalent to their joint convergence. By virtue of
Theorem 1.1.30, the condition in the R.H.S above can equivalently be replaced with any of the statements
(i1)-(v) in Theorem I.1.30. Such a structural phenomenon enjoyed by Wiener chaoses constitutes a further
motivation of their study.

Quantitative versions. We point out that several quantitative versions of the above statements have been
established. In order to state some of these, we introduce three probability metrics. Consider the classes
of functions

Hy ={h:R->R:||h|e <1},
Hkol = {h(x) = L(cooz1(x) : 2 €R},
v = {h(x) =1p(x) : B€ B(R)}.

For random variables X, Y, we define dy(X,Y) := sup {|E [h(X) — h(Y)]| : h € J&;}, called Wasserstein
(U = W), Kolmogorov (U = Kol), and fotal variation (U = TV) distance, respectively. It is a known fact
that the topology of these three distances is strictly stronger than the topology induced by convergence

in distribution, that is, whenever {X,, : n > 1} is a sequence of random variables such that X, i Xoo
as n — oo, then dy(X,, Xo) — 0 for every U € {W,Kol, TV} (see for instance [NP12a, Proposition
C.3.1]). The following theorem (see [NP12a, Theorem 5.2.6]) collects quantitative estimates for the three
above distances whenever X is a random variable belonging to a fixed Wiener chaos and the target random
variable X, is centred Gaussian.

Theorem 1.1.32. Let p > 2 be an integer and F = I,,(f) for f € H®P such that Var[F] = 0% > 0. Let
N ~ N(0,02). Then, for every U € {W, Kol, TV}, we have that

-1
dy(F,N) < CU,/"3 k4(F),
1%

where Cyw = o~ \2/r, Cko) = 072, Cry = 20 2.




Chapter L. Introduction 20

The following theorem (see [NP12a, Theorem 6.1.1]) is quantitative d-dimensional analog in Wasser-
stein distance when F is a sufficiently regular random vector. Here, for a matrix M € Mgxq(R), we
denote by [|M|l,p = sup{ [[My]|l : [lyll = 1} its operator norm. Also, dw stands for the Wasserstein
distance between vector-valued random variables, defined similarly as above.

Theorem 1.1.33. Let d > 2 be an integer and F = (F',...,F 4) be a centred random vector such that
F¥ € Dy g4 for every k = 1,...,d. For some positive definite symmetric matrix T € Mgxaq(R), we let
N ~ N4(0,%). Then,

d
dw(E,N) < VAIZ M lop 215 4| D B [(ZG, j) —(DFI, -DL-'Fi))?.
i,j=1

I.2 Main contributions of the thesis

In this section, we take a closer look to what the main contributions of this thesis are. We shall present
some of our main findings in a somewhat informal and simplified way, as further technical background
will be needed in order to make formulations more precise. For complete formulations and thorough
expositions, we refer the reader to the respective chapters.

Let us briefly motivate and situate our contributions in the literature. Chapters II-V deal with the
growing line of research on random Gaussian Laplace eigenfunctions on manifolds. Such a research
domain finds its roots in various areas of mathematics and mathematical physics, and roughly originates
from an experimental observation due to the musician and physicist Chladni at the end of the 18-th
century. He observed that when exciting a vibrating metal plate with sand on it with his violin, produced
a number of curious geometric patterns, known as Chladni figures. These figures were later observed
to correspond to zero sets of Laplace eigenfunctions (see for instance [GK12]). Gaussian Laplace
eigenfunctions are typically obtained as random linear combinations of square integrable basis elements
of the manifold, when the coefficients are normal random variables. Many questions of interest are
assigned to their study, taking vast and diverse directions, ranging from local to global considerations.
Typically, local quantities can be investigated in small areas and then glued together to recover their full
behaviour. Such quantities include for instance geometric measures of level sets, Euler characteristics, or
critical points, see for instance [EF16, EL.16, NPR19, KKW13, DNPR19, Wig10, Wigl12] and references
therein. Global geometric quantities include the study of connected components of zero sets, and
require different techniques, see for instance [NS09, NS16, GW11] and references therein for some
works in this direction. We also refer the reader to [Ale96, BG17, BM18] for some representative
works on percolation theory associated with random eigenfunctions. Several explicit models of Gaussian
Laplace eigenfunctions are studied in the literature, a pivotal role being played by spherical harmonics
on the sphere, Arithmetic Random Waves on the torus, and Berry’s random waves, see for instance
[Wigl0, MPRW16, MRW20, KKW13, DNPR19, Cam19, NPR19, PV20] for a selected collection of
works on these models. In [Zel09], the authors introduce monochromatic random waves on smooth
compact manifolds, for which it is shown that Berry’s random field is the scaling limit, see for instance
[CH20] and [DNPR20].

In this thesis, we will mainly focus on local geometric aspects associated with two explicit models of
Gaussian Laplace eigenfunctions, namely Arithmetic Random Waves on the torus (Chapter II and partially
Chapter III), and Berry’s Random Plane Waves (Chapter IV and also Chapter V for Berry’s random field
in higher dimensions), focussing on the geometric measure of their nodal sets. Our investigations are
essentially motivated by the fact that Berry’s model of random eigenfunctions are conjectured to be a good
modeling for deterministic eigenfunctions on Riemannian manifolds (see for instance [Ber77] and also
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[CH20, DNPR20] for universality results), thus providing a basis for a global understanding of related
models of Laplace eigenfunctions.

The last chapter of this thesis discusses some aspects of optimal convergence rates in Gamma
approximations, and is related to Stein’s method for probabilistic approximations. We refer the reader
to Chapter VI (and references therein) for an introduction to Stein’s method for normal and Gamma
approximations.

Chapter II: Nodal Sets of Arithmetic Random Waves

This chapter deals with the study of Arithmetic Random Waves (ARW) on the three-dimensional torus, a
model of Laplace eigenfunctions first introduced in [ORWO08, RWO08] by Oravecz, Rudnick, and Wigman
on tori of arbitrary dimension. These can be defined as

T,(x) = a expri{d, x)), xeT>, neS

1

where the coefficients {a, : 4 € A, } are complex Gaussian random variables and independent except for
the relation a, = a—,. Here S3 denotes the set of integers that are representable as a sum of three integers
squares, and the summation is over all vectors A = (A, A3, A3) such that ||1|| = n, with cardinality N,,. It
follows from the spectral analysis on the torus that the eigenvalues (or energies) of the negative Laplacian
—A are written as E, := 4n’n, where n € Sj is an integer representable as the sum of three integer
squares. The definition of 7, implies that, P-almost surely, 7,, verifies the equation AT}, + 47*nT, = 0.
Equivalently, 7;, can be shown to be a smooth centred Gaussian field on the torus. The existing literature
on the three-dimensional torus focuses on the asymptotic study (as n — oo) of the nodal set Z,, of 7,, and
its associated two-dimensional geometric measure A,, := H>(Z,), that is the nodal surface of Z,. In
[BM19], Benatar and Maffucci derive an exact universal asymptotic behaviour for its variance, namely
as n — oo,

_on (32 ~1/28+0(1)
Var[A, ] = Vnz (% +0 (n ) .
The limiting distribution of the normalized nodal surface was subsequently addressed by Cammarota in
[Cam19], where the following non-Gaussian, universal limit theorem was established in the high-energy
regime:

An —E[A] d 1
VVar[A,,] V10

where y?(5) denotes a chi-squared random variable with 5 degrees of freedom. Our main goal is to
extend these findings to the geometric measures associated with zero sets of multiple independent ARW.
In order to achieve this task, we consider three independent copies T,,El), T,Ez), T,,E3) of T;, and define the
{-dimensional Gaussian field

(5-Xx9),

T = {10 = (TP, L0 W) :x e TV}, €=1,2.3,
and its nodal measure

LY = 7{3—6( ﬁ (Tl”(ti))_l(o)) ;
i=1

where Hj indicates the k-dimensional Hausdorff measure. Our main result is Theorem 1.2.1 below, pro-
viding the exact mean, the asymptotic variance and the subsequent second order probabilistic fluctuations
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of the properly rescaled nodal volumes. Specified to the case ¢ = 1, our findings recover the main results
of [BM19] and [Cam19]. For integers 1 < £ < k, we set

(k)eki

MO Gy

where (k)¢ := k!/(k — €)! and k. := r(%i/:/z) stands for the volume of the unit ball in R¥. Recall that
E, :=4n*n.

Theorem 1.2.1. (see Theorem I1.1.1) Let the above notation prevail. Then the following holds:

(1) (Expected nodal volume) For every n € S3,

Eq\'? a(t,3)
=o' - () "

(ii) (Universal asymptotic nodal variance) As n — oo,n % 0,4,7 (mod 8),

1 -1 EN2 2 :
Var[Li] ~ (c,(f))z(f- Al )) .7_6), L0 _ ( ) a(l,3)

250 2 375 n 3] @n)i? N,

(iii) (Universal asymptotic distribution of the nodal volume) As n — oo,n # 0,4,7 (mod 8),

— LY -E[LY _ -1/2
LO .= "—["] LN (g : ﬁ N &21) . %) Y YO MO Oy |
Var[Lﬁf)]
where Y ~ Ne©9e-4)(0,1p90-4)) is a £(9C — 4)-dimensional standard Gaussian vector and M 0 ¢
Meor-4yxeoe-4)(R) is the deterministic matrix given by
1 -1

-1 -1 1
M(f) = % Is, @g ISf(g—l) @g IS[(g—l) EBE 156(2—1) 69? I3f(571) .

Here, for two matrices M| and M, we indicate by M| @ M, their direct sum.

Our analysis for proving Theorem 1.2.1 relies on an intrinsic preliminary study of the Wiener-1td
chaos expansion of abstract random elements of the form (see Definition 11.2.1)

4
J(G,W;u?) = / l—léui(G(i)(z))-W(z) w(dz), u'® = (uy,...,ur) eR
Z =]

where (Z, Z, u) is some finite measurable space, G is a centred {-dimensional Gaussian field with
i.i.d coordinates GV, i = 1,...,£ and W = {W(2) : z € Z} is some other random field, which is not
necessarily Gaussian. As usual, 6, denotes the Dirac mass at a. Our motivation to study such an object
comes from the Area/Co-Area formulae (see Proposition 1.1.11), as we shall prove that, both in L*(P)
and P-almost surely, Lg) = J(G,W;u®), where G = Tﬁ,[) and W (z) is the square root of the Gramian
determinant of the Jacobian matrix of Tgf) computed at z. Let us introduce further notation needed in
order to state our main result: Foreveryi =1,...,¢, let

XD ={XD(2) := (X2, X{"(2). ... X" (2)) : 2 € Z}

be a (k + 1)-dimensi0nal standard Gaussian field. For z € Z, we write Xii )(Z) to indicate the vector
X (@),...,X"(2)) and write

Xa(2) = {X{7(2) 1 (i, j) € [E] X [K]} € Moxe(R)
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for the £ X k matrix whose i-th row is given by X(*i)(z). If € > 2, for every i1 # ip € [£], we assume that
the random fields X" and X"2) are stochastically independent.

The following theorem provides explicit expressions of chaotic projections onto Wiener chaos of order
0, 1 and 2 (denoted by projq (+)) associated with {X(”, e, X(‘))} of the random variable J := J(G, W; u'0)
defined above in the setting where

G={X"@.... X @) :zeZ}, W={0x(Xu(2)):2€2},

and @, : Rk — R, is a certain matrix-variate function verifying a number of appropriate conditions
(see Assumption A in Definition 11.2.2 for precise requirements”). We set E [@gx (X4 (2))] = @¢x and
define the numerical quantities fori = 1,...,¢

k
DY .= l Z/ X]@(z)2 u(dz) — / Xéi)(z)2 u(dz), m® = / Xéi)(z) u(dz) .
kj:l VA Z Z

Theorem 1.2.2. (see Theorem 11.2.5) Let the above setting prevail. Then, writing y(z) := re 22 , we

have

(1) (Projection formulae)

¢ ¢
projo(J) = E[J] = gk - ny(lh proj; (J) = asx 1_[7(14i) : Zm(i)ui ,

=1 i=1 i=1
14
Z ? / X (2)* = 1) u(dz) +D<i>).
i=1 z

(ii) (Abstract cancellation) Ifu; = D = 0 for every i € [{], then

e,

2

:]«\

proj,(J) =
i:l

ek

projo(/) =B/l = o7

Projog.1(J) = proj,(J) =0, ¢ =0.

Specializing the content of part (ii) of Theorem 1.2.2 to the setting of Gaussian Laplace eigenfunctions
on manifolds without boundary yields an abstract reproduction of Berry’s cancellation phenomenon first
observed in [Ber02] and widely discussed in the literature, see for instance [Wigl0, MR21, KKW13,
DNPR19, MPRW16, NPR19, Cam19] for works on related models.

Applying the above to our study of nodal sets of multiple Arithmetic Random Waves, we are able
to prove that D vanishes for every i = 1,...,¢, showing that projz(L,(f)) = Projy, +1(L§f)) = 0 for
every g > 0. A direct investigation of the fourth-Wiener chaos as well as higher-order chaotic projections

associated with L,(f) allows us to show that as n — oo,

_ (e
1O _ projy (L)

n + O]P’(l)
\/Var [proj4(L£f))]

where op(1) is a sequence of random variables converging to zero in probability. The above displayed
relation implies that the probabilistic behaviour of Lﬁf) is characterized by the one of its projection onto
the fourth Wiener chaos. A subsequent explicit expression of the fourth-order chaotic projection in terms
of T,, and its derivatives then allows to establish the exact form of its limiting distribution.

145uch a set of assumptions on W is formulated in such a way that it best features the properties of Gramian determinants.
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An important by-product of our analysis is the following deterministic continuity result for nodal
volumes associated with vector-valued functions on the torus. Such a result generalizes the findings of
[APP18], where the authors consider the case of real-valued functions. Here E = C'(T¢,R¥) denotes
the set of C! real vector-valued functions on the d-dimensional torus T¢, Zk (F,) denotes the zeros of
F,, lying in a compact subset K ¢ T¢ and vol stands for the (d — k)-dimensional Hausdorff measure of
ZK (F n)

Theorem 1.2.3. (see Theorem 11.D.3) Let (F,)n>1 C E and F € E be such that F is non-degenerate on
a compact K ¢ T¢ and F,, — F in the C' topology on K as n — co. Then, as n — o,

vol(Zk (Fy,)) — vol(Zk (F)) .

Chapter II1: Matrix-Hermite Polynomials and Random Determinants

In this chapter, we consider matrix-Hermite polynomials defined in terms of zonal polynomials, a collec-
tion of symmetric polynomials in the eigenvalues of the matrix variable. Matrix-Hermite polynomials,
introduced in [Hay69], are indexed by partitions of integers and can be defined in a number of equivalent
ways, one of them being for instance Rodrigues formula

HE (X )y O (X) = 4—’<(g) L C@XIXTY YD (XY, kr k
K

where y(©™ indicates the Gaussian density of dimension £ X n, C, denotes the zonal polynomial corre-
sponding to the partition « and 0 X is a matrix of differentials. Here we use the notation « + k to indicate
that « is a partition of an integer k£ > 0. By fruitfully exploiting the one-dimensional Rodrigues formula
in (I.1.17) for classical Hermite polynomials, we can prove the following result, thus providing explicit
formulae for the projection coefficients associated with the Wiener chaos expansion of random variables
depending on the eigenvalues of XXT. Here ux denotes the spectral measure of X X" associated with a
Gaussian matrix X ~ Ngxn (0,1, ®I,) and L?(ux) := L*(Q, o (ux), P) indicates the closed subspace of
L*(P) of those random variables that are measurable with respect to ux. For a random variable F, we
denote by the proj(F|C ,f ) the projection of F on the k-th Wiener chaos associated with X.

Theorem L.2.4. (see Theorem 111.3.2) For integers 1 < € < n, let X ~ Npxn(0,1p®1,) and write
X = Vec(X) for its vectorization. Then, for every integer k > 0 and every partition k + k, we have that
H,Sf’”) (X) is an element of the 2k-th Wiener chaos Cﬁ associated with X and for every F € L*(ux),

Proj(FIC) = > FUOH ™ (),

Kk

where F (k) is given by

. -1 !
F(k) = (4—k (g) k!CK(Ig)) /R . FXOHS™ (X)y O™ (X)(dX).

K

In particular, we have that proj(F |C,’2)§< +1) = 0. Moreover, if F(X) = fo(XX Ty is a radial function, then

1 FoRILY T @ Ryetr (<271R) det(R) “F v(@R),  (1.2.1)
20T (3) kICc(e) Jppr) ' | )

F(k) =

where etr (A) := exp(tr(A)), L,(fl) denotes the generalized Laguerre polynomial of order y > —1 asso-
ciated with the partition k and v(dR) is the Lebesgue measure on the space of £ X { positive definite
matrices Pe(R).
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Formula (I.2.1) is particularly useful when the integral in the R.H.S is explicitly computable and is
based on the use of the instrinsic relation

-1

(XXTy = HED(V2X), 5, o= (-2)*(%) ,

K

(né’l)

Vi + L

linking matrix-variate Hermite polynomials and generalized Laguerre polynomials. In view of our
applications dealing with certain geometric functionals of random fields, our particular interest of spectral
random variables are random Gramian determinants of the type det(XX7)!/2. Such a quantity notably
appears in the Area/Co-Area formula (see Proposition 1.1.11) for integral representations of geometric
measures of level sets. In the following theorem, we provide explicit formulae for projection coefficients
F (k; X) associated with such radial determinants in the case where the rows of the underlying Gaussian
matrix are i.i.d Gaussian vectors with covariance matrix X, and show that they admit a geometric
interpretation in terms of intrinsic volumes.

Theorem L.2.5. (see Theorem I11.3.6) For integers 1 < { < n and ¥ € R positive-definite symmetric,
let X ~ Npxn (0,1, ®F). Then, for F(X) = det(XXT)!/2, we have

= (-2)* LD e (n)7
Fk;3) = det(z)gkk,( ) ZZ( )(—) e (%)m({}) Vi(Es)

=0 ot+s

where Vi (Eyx) stand for the (-th intrinsic volume of the ellipsoid Ex associated with the covariance matrix
Y. In particular, for k = (0),

-1
T-\1/2] _ (n)e (n
E [det(xX™)!?] = TR ( 5) Vo(Ey). (1.2.2)
We point out that formula (I.2.2) has been established by Kabluchko and Zaporozhets [ZK12].
Therefore, the content of Theorem 1.2.5 can be seen as a generalization of their results to arbitrary
projection coefficients associated with matrix-variate Hermite polynomials. As a by-product of such a
result, we are able to establish the following new identity for computing intrinsic volumes of ellipsoids

Ve(Ex) = (’;) fn

det(x)¢/? / det(UZ'UT)y " D2 qduy, 1<¢€<n,
Kn—¢ o(n,t)

where ki is the volume of the k-dimensional unit ball and the integration in the R.H.S is with respect to
the Haar probability measure on the Stiefel manifold O(n, £) of {-frames in R".

In a second part of this chapter, we introduce a suitable collection of operators on matrix spaces via a
generalized Mehler-type formula, whose definition is amenable to that of the classical Ornstein-Uhlenbeck
semigroup on the real line,

(Ln) _
05 f(X) =E

F(XHe ™ + Xo(I,, —e 24 1/2) ,&(dH)‘X] , t>0. (1.2.3)
O(n)

Here, the expectation is taken with respect to Xo ~ Ngxn (0,1, ®I,,), A € R™" is a diagonal matrix with
non-negative entries, e’ denotes the matrix exponential of A, and /i is the Haar probability measure on the
orthogonal group O(n). Such a relation is analogous to the classical Mehler’s formula for the univariate
Ornstein-Uhlenbeck semigroup {P; : t > 0} (see Proposition 1.1.20). The following result characterizes
the action of the operator O(g ) on the class of matrix-variate Hermite polynomials, showing in particular
that, as for classical Hermlte polynomlals and the semigroup P;, matrix-variate Hermite polynomials are
eigenfunctions of Ot(f;‘"). Let I1(¢, n) denote the class of matrix-variate functions that are right-invariant

by rotations, that is, f : R>" — R such that f(X0) = f(X) for every orthogonal matrix O € O(n).
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Theorem 1.2.6. (see Theorem II1.3.10) For every diagonal matrix A = diag(ay, ..., a,) € R™" such

that ay, . . .,a, > 0, every integer k > 0 and every partition k + k, we have that
, Cele™ ™) ¢
O WHIE (X) = ~———H (X). 12.4
9 00 =~ (X) (1.2.4)
In particular, the family {Ot(,[;‘") it 0} is a semigroup on the class I1({, n) ifand only ifa; = ... = a, =

a. More precisely, in this case, Ot(g") coincides with Pff;”) on the class T1(¢, n).

Exploiting the above result and the generalized Mehler’s formula in (I.2.3), allows us to prove the
following extended orthogonality relation for matrix-variate Hermite polynomials.
Theorem 1.2.7. (see Theorem 111.3.12) Let X, Xo ~ Nexn (0,1 ® 1)) be independent and R be a deter-

ministic matrix of dimension n x n. LetY = X R + Xo(I, —R>)'/? in distribution. Then, for every integers
k,1 > 0 and every partitions k + k, o + [, we have

1
E[H D XOHE ()] = L 4*(3) kG (R IO (1.2.5)

2/« Ce(Ly)

We finish this chapter by applying our results to the study of the total variation of multiple independent
Arithmetic Random Waves Tff) on the three-torus (as considered in Chapter II)

E,

/2 s
) / O(jacpo (2))dz. (1.2.6)
3 - "

V(T,);T?) = (

Here ®(M) := /det(MMT) and jFEIET%) (z) denotes the normalized Jacobian matrix of Tgf). We charac-
terize the asymptotic probabilistic behaviour of the random variable in (I.2.6) by providing its exact mean,
an asymptotic law for its variance and subsequent second-order Gaussian fluctuations for the suitably
normalized total variation Q(Tif); T3).

Theorem 1.2.8. (see Theorem 111.3.17) Let the above notation prevail.

(1) (Expected total variation) For every n € S3, we have

é)fﬂ 2{/2 1—‘5(2)

©). 3]
E V(T )] (3 e

(i) (Asymptotic variance) As n — oo,n % 0,4,7 (mod 8),

@)"zé,n(z)2 t

@), m3\] —
Var[V(T}: T%)] = ( . eI

(1 + 0(n—1/28+0(1)))

(iii) (Central Limit Theorem) As n — oo,n # 0,4,7 (mod 8),

VT ) - B [V )]
S N, 1),

vTO. T3y .=
VT ) = N

d . . . .
where — denotes convergence in distribution.

Our proof of Theorem 1.2.8 is based on the expansion of the total variation in matrix-Hermite polyno-
mials by means of Theorem 1.2.4. In particular, we are able to prove that its high-energy behaviour is fully
characterized by the fluctuations of its second chaotic projection, entailing the asymptotic Gaussianity.
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Chapter II1: Weak convergence of Berry’s nodal length process

In this chapter, we study the nodal length associated with zero sets of the two-dimensional Berry random
wave Bp with parameter E > 0, that is, the unique stationary and isotropic Gaussian field verifying
the equation ABg + 472EBE = 0. Such a model was already studied in seminal works by Berry
[Ber02, Ber77] and later by Nourdin, Peccati and Rossi [NPR19] and Peccati, Vidotto [PV20], confirming
Berry’s observations, see also [KW18, BCW17, CH20, DNPR20] for further works. In [NPR19] and
[PV20], the authors prove one-dimensional Central Limit Theorems and multidimensional extensions for
the nodal length restricted to planar domains, and in particular deduce that, in the high-energy limit, the
normalized nodal length process

512
Xg = {XE(fl,tz) = ‘flog:? (ZE([0, 111 x[0,22]) —E[ZE (0,11 x [0,22]D)]) : (¢1,22) € [0, 1]2},

(where ZE ([0,¢1] X [0,#,]) indicates the nodal length of B restricted to the rectangle [0,¢;] X [0, #3])
converges in the sense of finite-dimensional distributions to a standard two-parameter Wiener sheet on
[0, 1], thus suggesting a functional limit theorem for X . There are multiple motivations for studying such
weak convergence result, typically giving access to a number of new limit theorems of semi-local type,
involving for instance suprema of normalized nodal length processes, which provide global indicators
for the discrepancy between the nodal length and its mean. The installment of a general functional
limit theorem for X was however not successful in [PV20], motivated by technical difficulties when
dealing with second chaotic projections associated with Xg. The goal of this chapter is to overcome
these difficulties by studying these components in detail. In the following theorem, we derive variance
estimates and a multi-dimensional Central Limit Theorem for the second chaotic projections.

Theorem 1.2.9. (see Theorem IV.1.4) For every t = (t1,t3) € [0, 113, we set Dy := [0,11] X [0, 12] with
boundary 0Dy and let

. Ze21(Dy)
Ye(t) = .
VVar[ ZE[2](Dy)]
For every integer d > 1 and every collection of ti, . . ., tg € [0, 112, we have that, as E — o

Ye(t), ... Ye(ta) > Z ~ Ng(0,%)

where Z is a centred d-dimensional Gaussian vector with covariance matrixX = {X(i,j) :i,j = 1,...,d}
given by the relation

A(ODy, 0Dy,
\//l(HZ)ti, 0Dy, A(ODy,, 0Dy,)

(i, j) =

where (0 Dy, 6Z)tj) denotes the signed length of 0 Dy, N BZ)tj.

The proof of Theorem 1.2.9 is based on a preliminary study of random variables taking the form (see
Definition IV.1.17)

1
87 V2E Jc

where C is a polygonal curve, dx indicates one-dimensional Hausdorff measure on C and n¢ denotes the
unit normal vector to C computed at x. Such a definition is motivated by the expression of the second
chaotic projections associated with the nodal length. For such random variables, we derive the following
result, yielding asymptotic dependence structures and subsequent second-order results.

oe(C) =

Bg (x)(VBE (x),n¢(x))dx,
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Theorem 1.2.10. (see Theorem 1V.1.20 and Theorem 1V.1.21) For polygonal curves Cy and C,, we have
that, as E — oo,

A(C1, 1
Cov[pr(C1), ¢E(Cr)] = (€1, C) + (_),

—=+o0
1672 VE VE

where A(Cy, Cy) denotes the signed length of the Cy NC,. Furthermore, writing aE (C1) :=4rnEY4¢E(C),

we have that, for every integer d > 1 and every collection of polygonal curves Cy, . . .,Cq

~ ~ d
(6£(C1), ... #E(Ca)) = Nu(0,),
where X = {X(i,j) :i,j = 1,...,d} is the d X d matrix defined by
X3, j) = AC,Cj), Lj=1,....d.

In particular, specializing the findings of Theorem 1.2.9 to the family of concentric squares R; :=
[1/2-1,1/2 =120 < t < 1/2 centred at the point (1/2,1/2), yields that the limit of Yg is a total
disorder process, that is, a Gaussian process whose linear span contains an uncountable collection of
i.i.d standard Gaussian random variables. Total disorder processes appear as the limiting object in
a number of works dealing with Random Matrix Theory or Mathematical Physics, see for instance
[Leb83, Wie02, DEO1, HNYO08, Sel92] for such a collection of works.

Corollary 1.2.11. (see Corollary IV.1.5) The limiting process of {YE (t) : t € [0, 1]2} is a total disorder
process.

Combining the above results with a suitable tightness criterion by Davydov and Zitikis [DZ08] for
proving weak convergence of processes on [0, 1]¢ with some moment estimates for suprema of Gaussian
fields, we are able to prove that the second chaotic projections of Xg converge weakly to zero in the
Skorohod space D> = D([0, 112, R).

Corollary 1.2.12. (see Corollary IV.1.6) As E — oo, the process {XE[Z](t) :te |0, 1]2} converges
weakly to zero in D5.

In view of the above results for second chaotic projections, in order to prove a weak convergence
result, we study the higher-order projections associated with Xg. Based on a chaining argument inspired
by works by Dehling, Taqqu [DT89] and Marinucci, Wigman [MW11] in the framework of empirical
processes associated with certain underlying Gaussian fields and spherical harmonics on the sphere, we
are able to prove a weak convergence result for a discretized version of the nodal length. More precisely,
for an integer K > 1 and a partition of the unit square into squares of side length 27X, we define the
discretized nodal length by

LEA0,111x[0,1]) == ZE ([O,Pi,,K(t.)(K)] x [0, piZ,K(zz)(K)])

where p;, ¢ 1)(K) and pi, ¢ (,)(K) are the coordinates of the partition point which are closest to 71 and
17, respectively. We denote by X ]{:( its normalized version

512
XE(t) = é (L& 10,11 x[0,12]) - B [ZE (10,111 % [0,12D)]) .

For the residue term formed by higher-order projections associated with XX, we prove the uniform
convergence result.
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Theorem 1.2.13. (see Theorem1V.1.8) Let {K(E) : E > 0} be anumerical sequence suchthat K(E) — oo
and K(E) = o((log E)'/1°) as E — co. Then, for every & > 0,

P sup |Rg(E)(t)) >¢gp — 0.
te[0,1]?
Combining Theorem 1.2.13 with Corollary 1.2.12 and the fact that the fourth chaotic projections of
XE converge weakly to a standard Wiener sheet (thanks to the main findings of [PV20]), we deduce the
following functional limit theorem in the high-energy regime for the discretized nodal length process.

Corollary 1.2.14. (see CorollaryIV.1.9) Let {K(E) : E > 0} be a numerical sequence such that K (E) —
oo and K(E) = o((log E)'1°) as E — co. Then, as E — oo, the normalized process Xg(E) converges
weakly to a standard Wiener sheet W on [0, 112 in Dy.

The weak convergence result formulated above allows us to have access to a number of novel limit
theorem, dealing for instance with suprema of discretized nodal length processes. The following statement
gives an explicit expression for the asymptotic distribution function of the supremum over the boundary
of the unit square of the discretized nodal length.

Corollary L.2.15. (see Corollary1V.1.11) Let {K(E) : E > 0} be a numerical sequence suchthat K(E) —
oo and K(E) = o((log E)'/1%) as E — co. Then, for every z € R, we have that, as E — oo,

P{ osup [XEP )| <zt 5P sup W) <z =1-30(-2) + ¥ D(-32),
ted[0,1]? ted[0,1]?

where ®(z) .=P{N <z}, N ~ N(0,1).

Our difficulties to extend such a functional limit theorem from X g E) 1o Xg emerge in the planar
chaining argument, presented in order to prove Theorem 1.2.13, the essential difficulty being that the
mean of the nodal length grows exponentially faster than the logarithmic normalization factor.

Furthermore, combining our results on the second Wiener chaos with a hypercontractivity argument
on Wiener chaoses, allows us to deduce the following weak convergence result for the fruncated nodal
length process of increasing degree,

N
Xe(tN) = > Xe[24](0).
g=1

Corollary 1.2.16. (see Corollary IV.1.15) Let N(E) = logs(log E). Then, as E — oo, the process
{XE (t; N(E)) : t €0, 1]2} converges weakly to a standard Wiener sheet W on [0, 11? in D».

Chapter V: Non-linear functionals of d-dimensional Berry’s random fields
In this chapter, we consider the d-dimensional Berry Random Wave model and investigate the high-energy
behaviour as E — oo of non-linear random variables taking the form

Ze(d, ¢; D) ::/ Hy (B (x))dx, D cR?
D

where g and d are integers, Bl(sd) stands for the Berry random field in R¢, and H, is the g-th Hermite
polynomial on the real line. Our motivation for studying such a type of random variables comes from
the Wiener-1t6 chaos expansion of geometric measures associated with level sets of the B‘(Ed). Indeed, the
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random variables Zg (d, g; D) appear as a typical element in the projection on the g-th Wiener chaos of
these geometric measures. In Theorem 1.2.17 below, we provide asymptotic variance estimates for the
random variable Zg (d, g; D), whenever g and d are elements of the set

S:={(d,q):d>2,q>3}\{(23).(3,3)}.

Our reason for omitting certain pairs from the set S above originates from some technical difficulties
arising when trying to optimally bound the contribution of some residual terms and is addressed in
Remark V.1.3.

Theorem 1.2.17. (see Theorem V.1.1) Let (d,q) € S. If (d, q) = (2,4), we have that, as E — oo,

9 logE
Var[Zg(d, ¢; D)] ~ —5voly(D)—=

n E

whereas, if (d, q) # (2,4), we have that, as E — o
1
Var[Zg(d, q; D)] ~ a/(d;Q)W ,
where
a(d; q) := voly(D)q!dk4(27)~ 1@ / dyd s Q) 4y @d-DU-D+F (1.2.7)
0

with kg denoting the volume of the unit ball in R? and voly(D) the d-dimensional volume of D.

Our result shows that (d,q) = (2,4) is the only pair of integers leading to logarithmic variance
fluctuations, thus recovering the findings of Nourdin, Peccati and Rossi in [NPR19]. Furthermore, it
becomes clear that, whenever (d,q) # (2,4), the variance is always of lower order E~9/2_ Such an
observation is particularly interesting when d > 3 is fixed: indeed, in this case, our results conjecturally
hint to the fact that the projections of the geometric measure of level sets associated with the d-dimensional
Berry random wave model are all of same order, thus not resulting in a dominance principle as is observed
for instance in dimension two and on the related model of Arithmetic Random Waves in dimensions two
and three (see Chapter II). Our arguments for proving Theorem 1.2.17 rely on the asymptotic study of
moments of Bessel functions.

In view of Theorem 1.2.17, we consider the normalized random variables ZE(d,q;Z)) =
E375(d,q; D) for (d,q) # (2,4) and prove the following quantitative Central Limit Theorem in
Kolmogorov, total variation and Wasserstein distance. Note that, in the statement below, the exponent
d- q% < 0, which implies the asymptotic Gaussianity.

Theorem 1.2.18. (see Theorem V.1.2) Assume that (d,q) € S is such that (d,q) # (2,4) and let
N ~ N(0, a(d, q)z), where a(d; q) is as in (1.2.7). Then, for U € {Kol, TV, W}, we have that

dy (Ze(d.¢: D). N) < c1(log E)** VE-4°F,

where c| is some absolute constant that is independent of E. In particular, Ze(d, q; D) converges in
distribution to N, as E — .

Our findings of this chapter are to be compared with the works [MR15, MW11], where the authors
present the analog study for random spherical harmonics on the unit d-sphere. We finish this chapter
with several comments on reduction principles on Wiener chaoses and argue how our findings might be
useful for deducing variance estimates for the nodal length of the d-dimensional Berry random field.
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Chapter VI: Optimality of convergence rates in Gamma Approximations

The last chapter of this dissertation is generally speaking about characterizations of optimal convergence
rates within Stein’s method for Gamma approximations. More precisely, given a suitable probability metric
d, a sequence of random variables {F}, : n > 1} converging in law to some target random variable Fy,,
and a strictly positive numerical sequence {¢(n) : n > 1} such that d(F},, F) < ¢(n), one is interested
in knowing whether or not ¢(n) is an optimal rate of convergence for the metric d. Conventionally,
such an optimality is detected as soon as there are positive constants 0 < ¢; < ¢ such that ¢;¢(n) <
d(Fy, F) < ca¢(n) is verified for sufficiently large n (see in particular Definition VI.1.4). Several works
on optimality of convergence rates within Steins’s method have been published in the literature, see for
instance [NP09b, NP15, BBNP12, Cam13] for works around normal approximations and [AEK20] for
Gamma approximations.

In this manuscript, we deal with the case where F, = G(v) is a centred Gamma random variable
with parameter v and d is the Wasserstein distance, that is, dw(F, G) := sup {|E[h(F)] —E[h(G)]| : h},
where the supremum is taken over the class of test functions that are Lipschitz continuous with constant
less than one. Furthermore we assume that each F,, = I,(f,,) is an element of the second Wiener chaos

d
associated with some isonormal Gaussian process, and is such that E [F,f] =2vand F,, —» G(v) as
n — oco. Our methodological approach is to represent F;, as the series converging both P-almost surely
and in L>(P)

N(fa)
Fuo=h(fa) = Y, 4 (f)Ha(N)) (12.8)
j=1

where A;(f,) are the eigenvalues of a certain Hilbert-Schmidt operator associated with the kernel f,,
N(f,) denotes its rank and (N; : j > 1) is a sequence of i.i.d standard Gaussian random variables. As
usual, H>(x) = x? — 1 stands for the second Hermite polynomial. Following the route of Nourdin and
Peccati in [NPOOb], our strategy consists in characterizing the joint convergence of the bivariate vector
(F, F"), where

2(F, +v) —(DF,,-DL™'F,)y
¢y (n)

FY = . dy(n) = \/E [(Z(Fn +v) —(DF,, —DL—IFn>H)2],
and where D and L™! indicate the Malliavin derivative and the pseudo-inverse of the generator of the

Ornstein-Uhlenbeck semigroup, respectively. It is not difficult to prove that, whenever F,, = L(f,)
then F,E") is also an element of the second Wiener chaos (see Proposition V1.2.2). Moreover, if F,, =

L(fy) i G(v), we necessarily have that v is an integer, and it holds that 4;(f,) — L forj =1,...,v
and A;(f,) — Ofor j > v+ 1, as n — oo (see Proposition VI.2.11). The starting point of our analysis
is the Stein bound in Wasserstein distance dw (F,, G(v)) < max(1,2/v)¢,(n) derived by Dobler and
Peccati in [DP18]. Our main result is a partial characterization of the probabilistic fluctuations of the
random variable F,§V> above in the two cases where the rank N(f;) in (I.2.8) is finite or infinite, and
can be compactly formulated as follows. Here, for numerical sequences (a;), (b,), we write a,, < b, if
0 < liminf, e« |a,/b,| < limsup,_, . |an/bs| < co.

Theorem 1.2.19. (see Theorem VI.2.5 and Theorem VI.2.6) Let the above framework prevail and define
the sequences

N
w(n) = max{l/ln,j -1]:j= 1,...,v}, *(n) = Z /131,1'-

J=v+1
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(i) Assume N(f,) = N < oo for every n > 1. Then there exist real numbers {ﬁj j=1,.. .,N} such
d
that Z;Zl tj =0and F,(LV) — Z}.Ail CiH>(N;), as n — oo.

(ii) Assume N(f,) — oo and ¥(n) < w(n) as n — oo. Then, F,(LV) i> Ny, where Ny is a standard
Gaussian random variable that is independent of (N; : j > 1).

We remark that part (ii) of the above statement, does not include the case where J(n) = o(w(n)).
Preliminary computations show that in this case, the limiting distribution of F is non Gaussian. We
refer the reader to Remark VI.2.7 for more details on this.

By suitably applying the integration by part formula on a Gaussian space, our conclusions derived
in the above theorem are sufficient to deduce the following corollary, showing in particular that the
sequence {¢,(n) : n > 1} provides non-strongly optimal rates of convergence (see Definition VI.1.4).
For an integer v > 0, we define the subclass Z(v) of the second Wiener chaos to be the collection of all

sequences {F, = I(f,),n > 1} such that Var[F,,] = 2v forevery n > 1, F}, i G(v) and verifying the
conditions and (i) N(f,) = N < oo for some N € N or (ii) N(f,,) — oo and #(n) < w(n) as n — oo.

Corollary 1.2.20. (see Corolloray VI1.2.8) Let the above setting prevail. Then, for every {F, :n > 1} €
X(v) and every h € Lip(1), we have that, as n — oo

E[n(F)] - BRG] |
¢y (n)

Whether such a phenomenon continues to hold on every fixed Wiener chaos of order greater than
two is a natural question. We refer the reader to Conjecture VI.2.10 and the subsequent Section VI.2.1
for further considerations towards a more general result. A preliminary specific example on the fourth
Wiener chaos, in which we detect the same phenomenon, is exposed in Section VI.2.3.

0.




Chapter 11

Fluctuations of nodal sets on the
three-torus and abstract cancellation
phenomena

In 2017, Benatar and Maffucci [BM19] established an asymptotic law for the variance of the nodal surface
of arithmetic random waves on the 3-torus in the high-energy limit. In a subsequent work, Cammarota
[Cam19] proved a universal non-Gaussian limit theorem for the nodal surface. In this chapter, we study
the nodal intersection length and the number of nodal intersection points associated, respectively, with two
and three independent arithmetic random waves of same frequency on the 3-torus. For these quantities,
we compute their expected value, asymptotic variance as well as their limiting distribution. Our results
are based on Wiener-1t6 expansions for the volume and naturally complement the findings of Cammarota
[Cam19]. At the core of our analysis lies an abstract cancellation phenomenon applicable to the study of
level sets of arbitrary Gaussian random fields, that we believe has independent interest.

II.1 Introduction

II.1.1 Overview

The present chapter deals with the high-energy behaviour of the nodal set associated with arithmetic
random waves (ARW) on the 3-torus, T. ARWs (first introduced in [ORWO08, RW08] for tori of arbitrary
dimension) are Gaussian stationary eigenfunctions of the Laplace operator on the torus. In recent years,
such a model has been intensively studied, in the framework of a more general program, focussing on the
high-energy behaviour of local and non-local functionals of random Laplace eigenfunctions on generic
manifolds (see e.g. [CS19, SW19, Roz17, WY 19, KKW13, RW08, GW17, MPRW16, DNPR19, Tod20,
Tod19, PV20, DEL21]).

Our specific aim is to extend the findings of Benatar and Maffucci [BM19], that first provided an exact
asymptotic variance for the nodal surface area of the nodal set of ARW on T2, and Cammarota [Cam19],
that subsequently derived the limiting distribution of the normalized nodal surface area. More precisely,
our goal is to study the high-energy behaviour of two further geometric quantities associated with vectors
of ARWs, namely: (i) the nodal length of so-called dislocation lines of ARWs (see e.g. [Den01]), obtained
when intersecting the zero sets of two independent ARWs with the same eigenvalue and (ii) the number
of intersection points obtained when intersecting the zero sets of three independent ARWs with the same
eigenvalue. For both quantities, we provide the exact expected value, precise variance asymptotics and
second-order limit results. Our findings recover and extend the work of [Cam19]. Such a contribution

33
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is located in a series of works exploiting Wiener chaos techniques for deriving limit results of geometric
functionals associated with Gaussian fields (see e.g. [CMW16b, CMW16a, EL16, DNPR19, MPRW16,
NPR19, Cam19, DEL21]). Our main source of arithmetic results, serving as building blocks for the nodal
variance asymptotics, is [BM19].

An important contribution of our analysis is a detailed study of the Wiener-Itd chaos expansion asso-
ciated with non-linear geometric functionals of (possibly multi-dimensional) Gaussian fields admitting an
integral representation in terms of generalized Jacobians (see Appendix II.A). In particular, our findings
of Section I1.2.1 provide a full description of a general cancellation phenomenon that (i) explains all exact
cancellations for the nodal length of Gaussian Laplace eigenfunctions on manifolds without boundary
encountered so far (see e.g. [DNPR19, MRW20, MPRW16, Cam19]); (ii) contains as special cases the
projection formulae (see also Appendix II.B) for nodal length and number of phase singularities of Berry’s
Random Wave model (see [NPR19]).

Notation. Throughout this chapter, every random object is defined on a probability space (€, ¥, P). We
denote by E[-] and Var[-] the mathematical expectation and the variance with respect to P, respectively.
Also, y(x) := 2n)~V 2=x*/2 denotes the standard Gaussian probability density on the real line.

For sequences {A,, : n > 1},{B,, : n > 1}, we will use the notation A, < B, or A,, = O(B,) to
indicate that |A,| < C|B,,| for some absolute constant C. We write A,, = o(B,,) whenever A,,/B,, — 0 as

. . d
n — oo. Also, we write A, ~ B,, whenever A,,/B,, — 1 as n — co. For random variables, the symbols =

d . C e . .
and — denote equality and convergence in distribution, respectively.
For an integer n > 1, we write [n] := {1,...,n}. For n > 0, we denote by I, the n-dimensional
identity matrix with the convention that Iy := 0 € R. For A € M,x,(R) and B € M»y (R), we write

A O
A®B:= (O B

) € Mip+piyxig+a)(R)
for the direct sum of A and B with the convention A @ I := A for every A € M« (R).

II.1.2 Models of ARW and relevant existing results

Let (M, g) be a smooth compact Riemannian manifold and let A be the associated Laplace-Beltrami
operator. The spectrum of A is purely discrete, that is: (i) there exists a non-decreasing sequence
{/l jiJ= 0} of non-negative eigenvalues of —A, customarily called the energy levels of M, and (ii) the

associated eigenfunctions { fiiJj= O}, satisfying
Afi+4;fi=0, j=0, (I1.1.1)

form an L?(M)-orthonormal system. The nodal set of f; is its zero set fj‘l ({0}). In [Che76] it is shown
that, except on a closed set of lower dimension, fj‘1 ({0}) ¢ M is a submanifold of codimension one.
Of particular interest are quantities associated with the nodal set of f;, such as the nodal volume, in
the high-energy regime, that is, as 4; — oco. Yau’s conjecture [Yau82, Yau93] asserts that there exist
constants cps, Cps > 0, uniquely depending on M, such that

en Ay = VOl(£7 ((0D) < Cur [

with vol(-) denoting the volume measure on M. This conjecture was proven for real-analytic manifolds M
in [DF88], whereas the lower bound is a result by [Log18] in the more general case where M is smooth.
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Arithmetic random waves on T¢. Let us specialize the above framework to the setting of the d-
dimensional torus. Let d > 1 be an integer, let M = T¢ = R4/74 = [0, 1]¢/.. denote the d-dimensional
flat torus, and let A be the Laplace-Beltrami operator on it. One is interested in quantities associated with
the nodal sets of real-valued random eigenfunctions of A, i.e. random solutions f : T4 > R of (IL.1.1)
for some appropriate A;. It is a known fact that the eigenvalues of —A are positive real numbers of the
form E = E, = 4n°n, where n € Sy, with

Sd:={m21:H(ml,...,md)eZd,m=m%+...+m3},

that is, n is an integer expressible as a sum of d integer squares. For n € S, we introduce the set of
frequencies

Aw={d=Q... d) €Z: Q7+ ...+ Ay =n},

and write card(A,) =: N, (card denoting the cardinality; note that we do not mark the dependency
on d) to indicate the number of ways in which n can be represented as a sum of d integer squares.
An L*(T¢)-orthonormal system for the eigenspace & (E,) associated with E,, is given by the complex
exponentials

{ea() = exp(2mi(A, ) : A € Ay},

so that dim &(E,,) = card(A,) = Ny,. For n € S, the arithmetic random wave of order n, denoted by T;,,
is defined as the following random linear combination of complex exponentials

T,(x) = Z ae(x), xe€ T3 s

1
VN" AeAN,

where the coefficients {a, : 4 € A,} are complex N (0, 1)-distributed! and independent except for the
relation a, = a—,, which makes 7}, real-valued. It is easily seen that the law of T}, is uniquely characterized
by the property of being a centred Gaussian field on T¢ with covariance function

1
ra(y) = BT, Tu0] = 5 D ealv=y) =tralr=y). (IL1.2)
" QeA,

The function r,, depends only on the difference of the arguments, meaning that the field {Tn (x):x €T }

is stationary. Note that the normalization factor Nn_l/ 2 in the definition of T, (x) does not change the zero
set of T,,, and appears purely for computational reasons; indeed, it implies that r,(0) = 1, that is: for
every x € T3, the variance of T),(x) is equal to 1.

Equidistribution of lattice points on S¢~!. The set of frequencies A, induces a probability measure
on the unit sphere S?~! ¢ R4, given by

1

Mn,d ‘= — Z 6,1/\/53
Nu AeA,

where 6, denotes the Dirac mass at 1/ y/n. Since the measure u,, 4 is compactly supported, it is
determined by its Fourier coefficients

Hna(k) = /d Iz_kun,d(dz), keZ.
-

IRecall that a random variable X has the complex N (0, 1) distribution, if X = Y +iZ where Y, Z are independent real
N (0, 1/2) random variables.
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Up to rescaling its argument, the measure u,q is the spectral measure of the Gaussian field
{Tn(x) 1X € Td}, as can be seen by rewriting (II.1.2) as

ra(x —y) = /Sd1 exp (2mi{ Vné, x = y)) pn,a(d€) .

The problem of angular distribution of the lattice points in dimension d has been investigated by Linnik
[Lin68]. A notable difference arises when comparing dimensions d = 2 and d = 3: indeed, it is known
that there exists a density-1 subsequence {nj 1j = 1} C S such that uy; > converges weakly to the
uniform distribution on the unit circle as N,,,j — oo [EH99], but there are infinitely many other weak
limits of {y,, > : n € S>}; such limits are referred to as attainable measures [KW17]. Instead, when d = 3,
subject to the condition n — oo, n # 0,4,7 (mod 8), the probability measures {1, 3 : n € S3} converge
weakly to the uniform probability measure on S? [Duk88], implying asymptotic equidistribution [DSP90].
In this context, the arithmetic condition n # 0,4,7 (mod 8) arises naturally from the result by Gauss and
Legendre asserting that n € S3 if and only if # is not of the form 4¢(8b + 7) (see e.g. [Gro85]).

Previous work on this model. ARWSs on the d-dimensional torus have been introduced in [ORWOS],
where the authors consider the Leray measure of the nodal set of ARWs and study its asymptotic variance.
A quantitative Central Limit Theorem for the Leray measure on the two-dimensional torus (in the high-
frequency limit) is provided in [PR18]. In [RWOS], the authors take interest in the (d — 1)-dimensional
nodal volume of ARWs. Denoting by Z,, the zero set of T;, and V,, := Hy_1(Z,) its (d — 1)-dimensional
Hausdorff measure, the expected nodal volume is shown to be a constant multiple of the square root of the
energy level, that is, E [V,,] = C4 VE,, where C, is an explicit constant depending only on the dimension,
which is in particular consistent with Yau’s conjecture. Concerning the variance of the nodal volume, the
authors derive the asymptotic upper bound

E,
Var[V,] « , N > o
VAN

and conjecture the stronger bound <« E,; /N, to hold.

Recent developments on the two and three-dimensional torus concerning exact asymptotic laws for
variances and subsequent second-order results for fluctuations of quantities associated with the nodal set
of Laplacian eigenfunctions have gained great attention in the literature. We will now briefly discuss
these works.

Work on the two-dimensional torus. In [KKW13], for any probability measure u on the circle, the authors
define

1+ f1(4)?
() = LA

and derive a precise asymptotic law for the variance of the nodal length £,, of ARW, namely

E
Var[L,] ~ c(un2) - —5, Na— 0. (IL.1.3)
N
This suggests that, if {nj 1j = 1} C S, is a subsequence such that ;> converges weakly to some
symmetric probability measure y on S, then ¢( Hn;,2) = c(p) as Ny; — oo and hence
Var[ Lo | ~c(w) - o0, Moy = 0, (IL1.4)

nj
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yielding an asymptotic variance estimate with non-fluctuating order of magnitude. In particular, the
order of magnitude of the variance is E,/N,?, which significantly improves the previously conjectured
bound E, /N, in [RWO08]. Such a lower order of magnitude is known as Berry’s arithmetic cancellation
phenomenon, which follows from the exact vanishing of the second-order projection of the Wiener-1t6
expansion of the nodal length, as pointed out in [MPRW16]; such a cancellation phenomenon is not
observed when dealing with non-zero level sets, in which case the variance would be commensurate to
E, /N,. The asymptotic estimate in (II.1.4) depends on the angular distribution of the lattice points, and
is therefore referred to as a non-universal result. Second-order results of the normalized nodal length
were addressed in [MPRW16], where the authors show that for a subsequence {n i J = 1} C S such
that |1,;,2(4)| — 1, for some 7 € [0, 1] and N,; — oo,

L"j -E [LU] i 1

(2-+mX7+1-mX3) ,
Var[Lnj] 241 +7?
where (X1, X») is a standard Gaussian vector in dimension two. In particular, this shows that the limiting
probability distribution of the normalized nodal length is parametrised by € [0, 1], which depends
on the high-energy behaviour of the spectral measures u, via the fourth Fourier coefficient. This
fact emphasizes that, similarly to the asymptotic law for the variance, the limiting distribution of the
normalized length is also non-universal. It is easily checked that the above limiting distributions are
different for distinct values of 77 and non-Gaussian. A quantitative version of this limit theorem is proven
in [PR18].

Phase singularities of complex ARWSs on the 2-torus have been investigated in [DNPR19]; there, the
authors consider the number of intersection points of the nodal sets of two independent ARWs of same
energy level. More precisely, if 7,, and 7,, denote two independent ARWs associated with eigenvalue E,,
and [, := card(7,; Loy n T,:‘l ({0})), the authors establish the following non-universal asymptotic law
for the variance: as N,, — oo,

B _ 3+
vartll > clhn2) 50 ) = "agr—

Similar to the asymptotic variance of the nodal length, the variance of I,, fluctuates due to the fact that
lattice points are not necessarily asymptotically equidistributed. The following distributional limit result
is also provided: for {nj 1j 2> 1} C 8y such that |z,; 2(4)| — 7, for some n7 € [0, 1] and Ny, — o0,

In,-—E[In_,-]i) 1 (1+n 1

LA+ ;”B—z(c—z)),
Var[lnj] 2 10+6I]

where A, B, C are independent random variables such that A dpdox Z4+2X2-4X?and C 4x 2+ X3,
and (X1, X2, X3) is a standard Gaussian vector in dimension three.

Related works on the two-dimensional torus include the study of the volume of the nodal set intersected
with a fixed reference curve [RW18], or line segment [Maf17]. In [BMW20], the authors restrict the
nodal length of ARWs to shrinking balls and prove that the restricted nodal length is asymptotically
fully correlated with the total nodal length. In [GW17], Granville and Wigman study the small scale
distribution of the L?-mass of Laplacian eigenfunctions. Finally, in the recent work [CMR20] the authors
investigate the probabilistic fluctuations of Lipschitz-Killing curvatures in the high-frequency regime.

Work on the three-dimensional torus. Statements on the three-dimensional torus include the arithmetic
relation n # 0,4,7 (mod 8) and, unlike the two-dimensional case, they do not rely on the spectral




Chapter II. Nodal Sets of Arithmetic Random Waves 38

measures {u, 3 : n € S3} due to equidistribution of lattice points on the unit two-sphere. The existing
literature in d = 3 considers the nodal set Z,, of 7,, and its two-dimensional Hausdorff measure A,, :=
H>(Z,), that is the nodal surface of Z,. In [BM19], an exact asymptotic law for the variance is provided,
namely as n — oo,n # 0,4,7 (mod 8),

Var[A,] = A%Z (% +0 (n—1/28+°“>)) . (I1.1.5)
Similarly to the two-dimensional case, the order of magnitude of the variance is commensurate to E,, /N2,
which originates from the cancellation of the second chaotic projection in the Wiener chaos expansion of
the nodal surface. As a consequence of the asymptotic equidistribution of lattice points on S2, the leading
coefficient in front of n/ an in (II.1.5) does not fluctuate. The limiting distribution of the normalized nodal
surface was investigated in [Cam19], where the following non-Gaussian, universal result was derived: as
n—oo,n % 0,47 (mod 8),

An ~E[An] a1
VVar[A,] V10

where y2(5) denotes a chi-squared random variable with 5 degrees of freedom. This distributional limit
result is analogous to the case d = 2 in the sense that the limiting distribution is a linear combination of
independent chi-squared random variables, but does not involve any non-universality phenomenon.

-(5-Xx49),

Results on the intersection of nodal sets against a surface can be found in [RWY 16, RW16], see also
[Maf20] for a study of the intersection length obtained when intersecting nodal sets of ARWs with planes.

II.1.3 Our main results

Let 7, be an arithmetic random wave on T> and T,Sl), T,Ez), T,?) be i.i.d. copies of 7;,. Fix ¢ € [3] and
consider the centred ¢-dimensional Gaussian field

T .= {Tﬁ,")(x) = (T,E”(x), . .,T,Ef)(x)) ‘xe T3} , (I1.1.6)

to which we associate the quantity

t
LY @) = H_, (ﬂ (T,,(,i))_l({ui})> ;w9 = (.. up) €R (IL1.7)

i=1

where, for a k-dimensional measurable domain A ¢ T>, H; (A) denotes the k-dimensional Haussdorff
measure of A, that is (Ho, H;, Hy) = (area, length, card). Whe denote the normalized volume by

Ly ) - E[Li) )]

. /Var[Lif) @]

The main object of study in this chapter is the nodal volume, obtained when setting u©) = 0 € R’; we
will simply write Lﬁf) = Lﬁf) (0),0 € RE. Since T,El), Tf) and T,E3) are i.i.d. copies of 7,,, we have

ri(x-y)=E [T,E“(x) : Trgi)()’)] =ra(x-y), i€ll]

where r,, is as in (I1.1.2).

LOW®) =

Our main result, stated in Theorem II.1.1 below, provides exact second order results for the three
quantities Lﬁ,l), Lf), Lf), and thus contains the findings of [Cam19] in the special case £ = 1. The
statement is divided into three parts: (i) gives the precise expected nodal volume, (ii) is an asymptotic
law for the nodal variance and (iii) concerns the second-order fluctuations of the normalized version of
the nodal volume.
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Theorem I1.1.1. Let the above notation prevail. Then the following holds:

(1) (Expected nodal volume) For every n € Ss,

2VE,
\3r
E
01 _) En -
E[L] = o 2
EX? ~
3v3n2’

(i1) (Universal asymptotic nodal variance) As n — oo,n % 0,4,7 (mod 8),

E, 8

—  ——, (=1
N2 375x2
EZ 316
(6) no - - =

Var[Ln ] ~ N2 337522 =2
E3
B2 .
N2 67574

(iii) (Universal asymptotic distribution of the nodal volume) As n — oo,n # 0,4,7 (mod 8),

1 .
—=h0), t=1
9] s 5 o Lo Lass La - e _
L S\ 5 ( 561000 = 5:65) + 54(5) + . 8(5) 6§5<3>), 0=2
2 1 . 1 . 1 . 1 . 1.
= (— 605 = 2815 + 5E(15) + 5 £4015) - 5&(9)), (=3

where, in each line, the symbols &;(k;) denote independent centred chi-squared random variables
with k; degrees of freedom.

Remark I1.1.2. (a) We point out that the results stated separately in Theorem II.1.1 can be written in
a compact form. For integers 1 < £ < k, we set

(k)eki

T G

(IL1.8)

where (k)¢ := k!/(k—¢)! and ki := % stands for the volume of the unit ball in R¥. Note that
one can re-write

Clke |k
W0 = G [f]

where [];] = (';) Kk'ft;,q are the so-called flag coefficients also appearing in the Gaussian Kinematic

Formaula (see for instance [AT07, Chapter 13]). Using this definition, the content of Theorem
I.1.1 can be restated as follows: for every £ € [3], one has that

(i) Forevery n € S3,

En\"? a(£,3)
B[] = (?) éﬂ)m , (IL1.9)



Chapter II. Nodal Sets of Arithmetic Random Waves 40

(i) Asn — oco,n £ 0,4,7 (mod 8),

L, -1 76
Var[L(] ~ (c{0)?(¢ ( ot 3%) (IL.1.10)
where
C(g) (En )6/2 2 a/(f, 3)
mT\3) oA,
(i) Asn — co,n % 0,4,7 (mod 8),
— 1 et-1) 76\
Lff)i(e-ﬁ+ (2 )-ﬁ) YO MOy O, (L1.11)

where YO ~ Ne©e-2)(0,1¢90-4)) is a £(9¢ — 4)-dimensional standard Gaussian vector and
MO e Mee-ayxeoe-4)(R) is the deterministic matrix given by
-1

MO = Ieell @11 6911 6911
- 50 5¢ 25 5(’([’ 1) 25 5{’({’ 1) 50 5€(€ 1) 6 3{’([’ 1) .

For the point (iii) above, we observe that YOMO YO jn(1.1.11)is a diagonal quadratic form
that has the same probability distribution as

S5¢(¢ - 1)) N —f (55(5— 1)) N i.f (55(5— 1)) B 155(35(5— 1))

——gl(sm——g( 2 25°3 2 50°* 2 6 2

where {éi(ki) i=1,..., 5} denote independent centred chi-squared random variables with k; > 0
degrees of freedom with the convention &;(0) = 0. In particular, this shows that for every ¢ € [3],
in the high-energy regime, the normalized nodal volume exhibits universal and non-Gaussian
second-order fluctuations.

We also point out that the statements (i) and (ii) of Theorem II.1.1 are sufficient to derive a universal
weak law of large numbers; it tells that the distribution of the normalized random variable L(g) / E[/ 2
asymptotically concentrated around its mean:

Corollary I1.1.3. Foreveryé > 0,asn — oo,n # 0,4,7 (mod 8), we have

‘ LY at3)
Eﬁ/z 3{/2(27.()5/2

'>6]=0(1).

This immediately follows from Chebyshev’s Inequality: as n — oo,n # 0,4,7 (mod 8),

LY a(t,3) ‘ ] 1 LY ce
- >0| < —-Var = 1+o(1)) =0(1),
H ELR T 302 (0m) (T 52 E 52an( ) (

where ¢, is a constant only depending on .

Remark I1.1.4. (On geometric measures associated with non-zero level sets) Exploiting similar arguments
used in order to prove Theorem II.1.1, it is no more difficult to study geometric quantities associated
with non-zero levels. A careful analysis of the second Wiener chaotic projection in this case yields
the following statements (compare with Remark I1.1.2). Let u'© # 0 € R’ be fixed and y, denote the
multivariate standard Gaussian density of dimension £. Then,

(i) Forevery n € S3
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(i) Asn — oco,n £ 0,4,7 (mod 8),

EL a(t,3)?

Var[ L, ()] ~ ==
n

ye ) uf + ... +uy). (IL1.12)

(iii)) Asn — oo,n £ 0 (mod 4,7, 8), we have

LOwWOy 4 N, (IL.1.13)
where N ~ N (0, 1).

Contrarily to the nodal case, the lower order of magnitude Eﬁ /N, in (I1.1.12) as well as the Central
Limit Theorem in (II.1.13) both originates from the dominance of the second Wiener chaos projection of
Lff)(u(f)). We refer the reader to Section 11.2.2 for further details on the second-chaotic projections in
the non-nodal case.

Remark II.1.5. In the two points listed below, we highlight further technical novelties appearing in the
proof of Theorem II.1.1.

(a) The chaos expansions of Lﬁf) is obtained from the Area/Co-Area formula by an approximation
argument similar to those used in [KLO1], where the authors discuss Gaussian limit theorems
for general level functionals associated with stationary Gaussian fields with integrable covariance
function. Our arguments for proving existence in L?(P) rely on the use of an adequate partition of
the torus into singular and non-singular regions, see for instance [ORWO08, KKW13]. To the best
of our expertise, although such a route has already been effectively exploited for obtaining variance
estimates for higher-order chaotic projections of nodal quantities (see [PR18, DNPR19, NPR19]),
this approach for proving existence results in L?(P) for geometric functionals associated with
multi-dimensional Gaussian fields appears for the first time in the literature. We also stress that the
argument based on almost surely bounding the nodal length Lﬁ,l) associated with a single ARW (see
[RWO08] and [Cam19]) does not apply in the case of more than one ARW, and therefore requires a
different approach.

(b) In order to derive the explicit expression of the fourth-order chaotic projection of Lﬁf), we compute
the Hermite projection coefficients associated with the mapping X — det(X X7)!/2, where X is a
¢ x 3 matrix. In order to do this, we tackle the more general task of computing these projection
coefficients in the case where X is a generic £ X k matrix. Our techniques build on standard
properties of the Gaussian distribution as well as Gramian determinants, and in particular recover
the known results obtained in [DNPR19, Lemma 3.3].

II.1.4 Further connection with literature

Berry’s Random Wave Model. In [Ber77], Berry introduced the so-called Berry Random Wave model

(BRW), that is, the unique translation-invariant centred Gaussian field B; = {BJ-(x) 1 X € RZ} on the
plane with covariance function

rj(x,y)ZE[Bj(x)-Bj(y)]ZJO(\/;]--HX—yH):: r(x—y), (ny) €eR?xR?  (IL1.14)

with Jy denoting the Bessel function of order 0 of the first kind and ||-|| the Euclidean norm in R?. Berry
conjectured that local aspects of the geometry of zero sets of generic high-energy Laplace eigenfunctions
on a two-dimensional manifold can be modelled by the BRW. More precisely, his observation proposes
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that eigenfunctions of chaotic systems locally *behave’ like a random superposition of plane waves with
fixed energy. Since Berry’s publication [Ber02], the study of local and non-local features associated
with the geometry of nodal and (non-zero) level sets of high-energy Gaussian Laplace eigenfunctions has
gained substantial consideration and different models have been studied in recent years, the case of random
spherical harmonics on the 2-sphere (see e.g. [MRW20, Ros16, Wigl0, MP11]) and arithmetic random
waves on the torus (see e.g. [ORWO08, RW08, KKW13, Cam19, DNPR19, MPRW16]) being of particular
importance. The study of BRW on R3 has been initiated in [DEL21]. Therein, the authors consider
the nodal length restricted to growing cubes of the complex BRW and distinguish between isotropic and
anisotropic covariance functions. In the isotropic case, they show that the limiting distribution of the nodal
length is Gaussian whenever the underlying covariance function of the model is square-integrable. The
proof of such a Central Limit Theorem, based on the Wiener chaos expansion of the nodal length, reveals in
particular that, in this framework, all the even chaoses except the second contribute to the limit. As already
mentioned, this is in stark contrast with the results presented in this chapter, based on the dominance
of fourth chaos projections. Such a discrepancy can be partially explained by comparing the underlying
covariance functions of the models, which is nearly monotonically decaying in the Euclidean setting and
periodically oscillating on the torus. In [CH20, Zel09], the authors study monochromatic random waves
on a general smooth compact manifold, that is, Gaussian linear combinations of eigenfunctions associated
with eigenvalues ranging in a short interval.

Berry’s Cancellation Phenomenon. Berry’s cancellation phenomenon was first observed in [Ber02] for
nodal sets of BRW. Using the notation introduced in (I.1.14), Berry considered the length L;(D) of
the nodal lines of B; (Berry random wave for eigenvalue A;) and the number of nodal points N;(D) of
the complex version of the BRW, i.e. the random field {Bj(x) + iBJ’. (x):x€ R2}, with BJ’. denoting an
independent copy of B;, when both statistics are restricted to a compact domain D. For these observables,
denoting area(P) the area of 9, Berry obtained

area(D)
242

as well as variance asymptotics, as j — oo
area(D)
Var[L;(D)] ~ 2= 1og(1mj \/area(Z)))
11
Var[N;(D)] = Harea(®D) ; g(,/ A \area(D) ) (IL1.15)

6473

In [NPR19], the authors recover these results and show that the properly scaled versions of L;(D)
and N; (D) satisfy a central limit theorem in the high-energy regime. Berry’s cancellation phenomenon
essentially concerns the order of magnitude of the asymptotic variance in (II.1.15): indeed, its logarithmic
order is unexpectedly smaller than a natural prediction. Loosely speaking, such a lower order of magnitude
originates from the exact cancellation of the leading term in the Kac-Rice formula for the variance. A
general explanation of such a cancellation, based on the use of Wiener-chaos expansions of the nodal
volumes, distilling the main ideas introduced in [MPRW16, DNPR19, NPR19] into a general principle,
will be developed in the forthcoming sections.

n, [N (Z))] B area7(TZ)) i

E[L;(D)] =

II.1.5 Overview

In Section I1.2, we provide a general result (see Theorem I1.2.5) leading to cancellation phenomena in
the setting of geometric functionals associated with nodal sets of multiple independent Gaussian fields.
Its proof is deferred to Appendix II.A. The proof of Theorem II.1.1 on nodal sets of arithmetic random
waves on the three-torus is the content of Section I1.3. Appendices II.B-II.E contain proofs of technical
results needed for the proof of Theorem IL.1.1.
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II.2 Wiener Chaos and abstract cancellation phenomena

In this section, we present some general results about non-linear functionals of Gaussian fields that admit an
integral representation in terms of Dirac masses and Jacobians. As discussed in Section I1.2.2, this contains
as special cases exact and partial cancellations discovered in [DNPR19, NPR19, MPRW16, MRW20].

I1.2.1 An abstract cancellation phenomenon

We consider a finite measurable space (Z, %, u) such that u(Z) = 1. Let G = {G(z) : z€ Z} be a
real-valued centred Gaussian field indexed by Z. For an integer £ > 1, let GV, ..., GO be i.i.d. copies
of G and write G = {G(z) =(GV(2),...,GO1):z¢€ Z} to indicate the associated £-dimensional
Gaussian field. Additionally, let W = {W(z) : z € Z} be a (not necessarily Gaussian) random field
indexed by Z. We denote by ¢,, the Dirac mass at u € R. We introduce the following definition.

Definition I1.2.1. For every u® = (uy,...,up) € RY, we define the random variable
[ .
16 Wi = [ [ 6,600 W i
Z =1

4
=1im [ 2e) | | 11e.e1(GP(2) —wi) - W(2) pd2) (I1.2.1)
£-0 7z =1

whenever the limit exists P-almost surely. In the case where the limit exists in LP (P) for p > 1, we say
that J(G, W;u'©) is well-defined in LP (P).

Our aim is to study the Wiener-Itd chaos expansion of J(G, W; u®y. As we will prove later (see
Lemma I1.3.1), the nodal volumes Lif), ¢ € [3] defined in (II.1.7) are obtained P-a.s. and in L?(P) as
Lﬁf) =J(G,W,(,...,0)), where G = T,(f) is as in (II.1.6) and W(z) is the square root of the Gramian
determinant of the Jacobian matrix of Tﬁp computed at z.

For integers 1 < ¢ < k, we use the notation X = {XJ@ 2 (i, )) e [€] x [k]} to indicate a generic
element of the class Mgxx(R) of £ X k matrices. The following definition generalizes the notion of
Gramian determinants.

Definition II.2.2. We say that a map @y : M (R) — R, satisfies Assumption A if it satisfies the
following four requirements for every X € Mxx (R):

(Al) ®g is invariant under permutations of columns and rows of X, that is,

O (X) = Orx ({X5,) 1 @) € [ X [KT}) = Oex ({X7 : G, j) € [€1x [K1})
for every permutation o of [k] and « of [£].

(A2) @ is positively homogeneous as a function of the rows of X, that is, for every ¢ € R and every
i € [{], |c|Prr(X) = O (X*), where X* denotes the matrix obtained from X by multiplying the
i-th row by c.

(A3) D, is invariant under sign changes in the columns of X, that is, for every j € [k], @ (X) =
D/ (X¥), where X* denotes the matrix obtained from X by multiplying the j-th column by —1.

(Ad) If £ > 2, Dy is invariant under row addition, that is, @ (X) = Py (X*), where X* denotes
the matrix obtained from X by replacing its i;-th row by the sum of its i;-th and i>-th row for
iy #iy € [€].
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A prototype example of a function satisfying Assumption A above is given by the Gramian determinant
®, (X)) :=det(X XT)1/2 as proved in Lemma I1.B.1 of Appendix ILB.

Remark I1.2.3 (Role of Assumption A). Although in the proof of Theorem II.1.1 we apply the results of
the present section only to the particular function @, ; (X) = det(XX”)!/2, we prefer to state our findings
in the more general framework of functions verifying Assumption A, thus highlighting those features of
the mapping X - det(XX”)!/2 that determine cancellation phenomena.

To state our result, we introduce the following objects:

* Foreveryi € [£], let
XD ={XD(z) := (X§"(2). X{"(2)..... X" (2)) : z € Z}

be a (k + 1)-dimensional standard Gaussian field, i.e. X¥) is a Gaussian family and for every fixed
z € Z, the vector X@(z) is a standard (k + 1)-dimensional Gaussian vector, that is, its coordinates
X;l)(z), Jj =0,...,k are independent standard Gaussian random random variables. For z € Z, we

let Xf)(z) = (Xl(i)(z), .. .,X,Ei)(z)) and write
Xu(2) = {X\"(2) : G, j) € [ x [K]} (11.2.2)

for the £ X k matrix whose i-th row is given by X&i )(z). If £ > 2, for every i| # i» € [£], we assume
that the random fields X" and X are stochastically independent.

* For every i € [£], we define the quantities

b 1y (i) )
DO .= %;/ZX] (2)? ,u(dz)—/ZX0 (2)? u(dz), (I1.2.3)
m® = / X"(2) p(dz) . (1L.2.4)
V4

* Consider a map @i : Mexk (R) — Ry that satisfies Assumption A of Definition 11.2.2 and such
that for every z € Z, E [(I)g,k(X*(z))z] < o0, and set

E [Qrrx(Xx(2)] =t ark - (I1.2.5)

Our next result provides the chaotic projections onto the g-th Wiener chaos associated with
{X(l), e X(f)} of the random variable J(G, W; u'©)) defined in Definition I1.2.1 in the case where

G={X"@....x"@):zez}, W={0uXu(2):z€Z}. (11.2.6)

Note that, for every z € Z, W(z) as defined in (I1.2.6) is 0 (G)-measurable and stochastically independent
of G(z). Part (ii) contains a general version of the chaos cancellation phenomenon observed e.g. in
[Wigl10, MR21, KKW13, DNPR19, MPRW16, NPR19, Cam19]. Its proof is deferred to Appendix IL. A.

Remark I1.2.4. We stress here that the technical assumption requiring that G(z) is independent of W(z)
for every fixed z € Z is needed in order to deduce the Wiener chaos expansion of the the random variable
J(G, W;u'®). Indeed, exploiting this assumption, the latter will be obtained once (formally) expanding
Hle Ou; (GY(z)) and W(z) into Hermite polynomials and then integrating the product over Z (see
Section II.A.1 for more details). On the other hand, the assumption that X" and X(®) are stochastically
independent as random fields is formulated for the later use in the context of nodal volumes of ARW (see
in particular example (i) in Section 11.2.2).
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Theorem I1.2.5. Assume the above setting. Then, we have:

(1) (General projection formulae) Fix u® = (uy,...,up) € RC and assume that J(G, W;u'©) with
(G, W) as in (I1.2.6) is well-defined in L*>(P) in the sense of Definition I1.2.1. Writing J =
J(G,W; u(f)), we have, for every q > 0,

B(.ul)...lg(.uf) ¢ .
4—4L/H%@%»mmwww,<Mﬂ
“][' Zi:l

i, 0= Y

_j],...,j.p,rZO
Jit...tjet+r=q

where { ,BJ(.”") 1y = 0} denote the coefficients associated with the formal Hermite expansion of the
Dirac mass 6,,, given by

B = [ . H; Iy = HyGyo .

In particular,

14
projo(/) = E[J] = ack - | [ v, (I.2.8)

i=1

14 4
proj, (/) = agi - | [y - > mPus, (11.2.9)
i=1 =1

4

[4 4
projo (1) = 25 [ Tyt - Y (? /Z X @ = 1) pdz) +DV). (12,10
i=1 i=1

(i) (Abstract cancellation) If u; = DY = 0 for every i € [£], then (using (11.2.5))

ek
Qm)tr’
Projog41(J) = proj,(J) =0, ¢ =0. (11.2.12)

projo(J) =E[J] = (1.2.11)

As anticipated, we will apply Theorem II.2.5 to the study of nodal sets of Gaussian Laplace eigen-
functions. The following section deals with two such examples.

I1.2.2 Applications to nodal sets of Gaussian Laplace eigenfunctions

We provide two examples of applications of Theorem I1.2.5 dealing with nodal volumes associated with
(possibly multi-dimensional) stationary Gaussian random fields that are Laplace eigenfunctions. Example
(1) deals with ARWs on the d-dimensional torus and is effectively used in the proof of Theorem II.1.1,
whereas (ii) is Berry’s random wave model in R4,

i) ARWonT¢ Letd>2and(Z %, W = (T4, B(T?), dx) with dx denoting the Lebesgue measure
on R¥. For integers 1 < £ < d, consider independent ARW's T,El), . .,T,(f) on T¢. By a straightforward
computation, we have that, for every i € [{] and j € [d], the partial derivatives ﬁjT,Sl)(x) are centred
Gaussian random variables with variance

Ey

Var[9;T," (x)] = —. neSs xe T4, (11.2.13)
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where 9; := 0/0x;. Let G = {(T,El)(x), .. .,T,Sf)(x)) X E Td} and write 6} = (En/d)‘l/zﬁj for the
normalized derivatives. Denote by G, (x) the normalized Jacobian { X d matrix of G computed at
x € T and consider the random field W = { 7a(Gx(x)) 1 x € Td} where @} ,(A) = det(AAT)'/2 for
A € M¢xqa(R). Then, using the Area/Co-Area formula (see Proposition I.1. 11) the random variable

l/2
L) = (%) J(G, W, (0,...,0))

represents the (d — £)-dimensional volume of the zero set of G, where J is defined according to Definition
I1.2.1. Note that L (3) = L, ¢ = 1,2,3 as defined in (I1.1.7). The continuity result in Theorem ILD.3
shows that the nodal volume is defined P-a.s. The fact that the random variable Lﬁ,l)(d) is well-defined
in L2(P) ford > 2 is proved in [RWOS8], whereas the case (£,d) = (2,2) is proved in [DNPR19]. The
remaining cases on the three-dimensional torus corresponding to (¢, d) = (2, 3), (3, 3) will be proved in
Lemma I1.3.1, the existence in L?(P) of the nodal volume for arbitrary ¢ and d can be proved by similar
arguments, for which we omit the details. Now, for every i € [£], the quantity D) in (I1.2.3) satisfies (see
also [Ros16, MPRW16])

d
. 1 . .
_ (@) 1,2 @) .2
D = z;/w 8,1 (x) dx—/Td T (x)? dx
1 ~ . .
. / TP 1P dx - / T (6)? dx
d Td Td
1 ~ . ~ . )
= - / (VT (x), VTP (x)) dx — / T (x)? dx
Td Td
1 . ) )
= &+ (VT (x), VI (x)) dx — / T (x)? dx .
n JTd Td
Using Green’s first identity (see e.g. [Lee97, p.44]) and the fact that AT,Ei)(x) = —EnT,Ei)(x), ives
g y g p g
; 1 ) ) .
DO = ——/ T () AT (x) dx—/ T (x)? dx = 0
En s sl

In particular, we conclude from (II.2.12) that the second chaotic projection of the nodal volume L;’[) is
identically zero. On the other hand, if u© £ 0 e R, then, it follows from (I1.2.10) that the second-order

chaotic projection of Lﬁf) (u'D) on the three-torus is given by (bearing in mind that D) = 0 for every

i €[l])

proj (L) () = ( ) a“ﬂm)Z( /. H2<T<”<x>>dx)

where H, (1) = u”> — 1 is the second Hermite polynomial. Combining this identity with the orthogonality
relation for Hermite polynomials, it is easy to obtain its asymptotic variance (compare with Remark I1.1.4)

£ .2 ¢t ¢
. E,\" %,
Var [prOJz(Lﬁf) (u([)))] = (?) %3 1—[ y(ui)?2 Z u? /2 . rn(x — y)2dxdy

) “l_lmzzz /rn(z) dz

y @O (uf + .. +up),

E!
N3
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where vy, stands for the multivariate standard Gaussian density of dimension ¢ and where we used
stationarity together with the fact that

1 1 1
2 — B ’ = — ) = —
/T3 rn(2)7dz = v § e r(2)dz A E T-_a N

ALVEN,

in view of the orthogonality relation

/ e (x)dx = 1 -y
T3

on the torus. A subsequent Central Limit Theorem for the properly normalized random variable
projz(Lﬁf)(u(‘}))) can be proven by carefully investigating the term Hz(T,Ei)(x)). The Central Limit
Theorem for the random variable L%)(u(‘))) then follows once it is established that the second chaotic
projection dominates the Wiener chaos expansion of Lﬁf) u©). Such a proof mainly follows from the
arguments that will be developped later in order to show that the fourth Wiener chaotic projection is
dominant in the nodal case?.

(ii)) BRW on R?. Let1 < £ < d be as above. Consider a compact convex set D C R with C' boundary
09D and such that the origin is contained in the interior of D. Let (Z, 2, u) = (D, B(D), dx). Write
{Bg(x) : x € D} to indicate Berry’s random wave with parameter £ > 0 restricted to D, that is, the
stationary centred Gaussian Laplace eigenfunction on R¢ with covariance function (see Theorem 1.1.8%)

Jia— 2 VE||x —
B (Be(o) - Be()] = 24222 VE 0D
2r VE||x — yl||)(@d-2/2

with J,,, denoting the Bessel function of order m of the first kind, and energy 472 E. Consider Bg), cees Bg)
i.i.d. copies of Bg and G = {(Bg)(x), .. .,Bg) (x):x¢€ Z)}. We will show below that for every i € [£]
and j € [d],

4m’E

Var[c’ing)(x)] = 7

xeD. (I1.2.14)

As in Example (i), we write 5] = (4n2E/d)~V ZBJ- for the normalized derivatives and consider the random
field W = {®/4(Gx(x)) : x € D} with @y 4(A) = det(AAT)!/? for A € Myxa(R). Then, the random
variable

Am2E
d

/2
L@ = (7)) G w0

is the nodal volume of G. Again, by Theorem IL.D.3, it is well-defined P-a.s. The existence in L>(P) is

proved in the cases (£, d) = (1,2), (2,2) in [NPR19]. We omit the proofs for arbitrary integers ¢ and d.
Arguing as in the previous example, using Green’s identity, the quantity D in (I1.2.3) is equal to

i 1 () (i)
DY = T7F /az) B (x)(VB (x),n(x))dx, (I1.2.15)

2We omit the details: the main discrepancies with the nodal case lies in the fact that for non-zero levels, the odd chaotic
projections of Lgf) (') do not disappear. This shall however not create issues when adapting our strategies developed for the
nodal case. We refer the reader to Section II.3.1 for further details on the proof of Theorem IL.1.1.

3Such a covariance structure is obtained by setting the IT in Theorem 1.1.8 equal to the Dirac mass at 27 VE.
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where n(x) denotes the outward unit normal vector to D at x. In particular, D® and hence the second
chaotic component of L(E[) (d) reduce to an integration over the boundary of D, thus recovering the exact
expression of the second Wiener chaos of Lg)(2) obtained in [NPR19, Lemma 4.1] for d = 2. As already
pointed out, in [DEL21], the authors study among others the nodal length restricted to growing cubes
of the complex BRW on R3 corresponding to the case (£,d) = (2,3). In particular, applying Green’s
formula to the expression of the second chaotic component (see [DEL21, Lemma 8]), one can proceed
similarly as above to show that it reduces to a boundary integration. In Chapter IV of this thesis, we will
present a careful analysis of the boundary integration appearing in the projection on the second Wiener
chaos in dimension two.

Let us now prove (I1.2.14). For every i € [£],j € [d] and x € D, by isotropy, the variance is
independent of the chosen point x, so that

Var[9;B} (x)| = Var[9, B (x0)],

where x is a fixed point in 9. Therefore,

E [ / ||VBg)(x)||2dx] =d / E [01By (x)?] dx = d - area(D) - Var [ B} (x0)].

D D
On the other hand, by Green’s formula and the fact that ABg) (x) = —4n°E Bg) (x), we have
E [ / ||VBg>(x)||2dx] =- / E[By (x)AB (x)] dx + / E By (x)(VB{ (x),n(x))] dx
D D oD
= 4n’E / E B (x)?] dx + / E B} (x)(VB} (x),n(x))] dx.
D

oD

For the first term, since for every x € D, B(Ei) (x) has unit variance, we have
/ E [B} (x)*] dx = area(D).
D

For the second term, independence of Bg) (x) and VBg) (x) for every fixed x € D, together with the fact
that Bg) (x) is centred imply that this term is zero. Combining these observations, we deduce that

d - area(D) - Var[alBg)(xo)] = 47°E - area(9D)
which proves (I11.2.14).

Remark IL1.2.6. (a) An analogous analysis as in example (i) for ARWs on T¢ can be carried out for the
related model of spherical harmonics on the d-sphere, see [MRW20] for the case of the 2-sphere.

(b) From (I1.2.10) it follows that, in the case where D) = 0 for every i € [£] (as in example (i) above),
the projection on the second Wiener chaos of the random variable J can be rewritten as (bearing in
mind that u(Z) = 1)

14 14
. _ Qrk ' 2 (12 -

i=1
where ||g||i2 2 = [, 8(2)*u(dz), (see also [MR21] and [CMR20]). In particular, the second

order chaotic projection of J is a linear combination of the centred square (random) norms of the
fields X(g’),i € [£]. Therefore, at least heuristically, one expects that in the setting where J is a

geometric functional associated with the zero level (such as the random variables Lff)), it should
vanish as nodal lines do not depend on scaling factors.
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II.3 Proof of Theorem I1.1.1

Section I1.3.1 contains the proof of Theorem II.1.1: such a proof is based on a number of technical results,
whose proofs and discussion are provided in Appendices II.A-IL.E. The only exception to this strategy
of presentation is given by Proposition I1.3.3 and II.3.4: indeed, since these results follow from direct
probabilistic arguments, their full proofs will be immediately provided in the forthcoming Section I1.3.2.

I1.3.1 The proof
I1.3.1.1 An integral representation of Lgf)

The proof of Theorem II.1.1 is based on the Wiener chaos expansion of the quantities Lﬁf) defined in
(I1.1.7). In order to derive this expansion, we will rigorously prove that the nodal volume Lgf) is formally
obtained P-almost surely and in L%(P) as

Ly =/ 1—[6 (T3 (x)) - @}, 3(jacyo (1)) dx,

where @ ,(A) = det(AAT)!/2 for A € Mx3(R), and jacpe) (x) stands for the Jacobian matrix of T

evaluated at x. More precisely, for € > 0, we consider the e-approximations Lff}; of L,(f) given by
(compare with Definition I1.2.1)

14
Ui = [ oy [ e @0 - 0 sy () ds. &> 0

i=1
and prove the following statement.

Lemma I1.3.1. For € € [3] and n € S5, the random variable L; converges to L( ) P-a.s and in L*(P)
as e — 0.

The proof of Lemma I1.3.1 is presented in Section II.E.2 of Appendix II.E. Note that the case £ = 1 has
been investigated in [RWO08] for arbitrary dimensions. To deal with the case £ = 3, one can directly adapt
the proof of points (i)-(v) of Lemma 3.1 in [NPR19] for the two-dimensional torus, based on universal
bounds for the number of solutions of a system of trigonometric polynomials (see e.g. [Kho91]).

The proof of the almost sure convergence relies on a deterministic continuity result for nodal volumes
restricted to compact sets on the torus associated with sequences of functions converging to a non-
degenerate limit in the C'-topology (see Appendix ILD). Our proof of the L?(P) convergence takes
advantage of similar techniques as those that will be exposed in the forthcoming Section I1.3.1.4, based
on partitioning the torus into singular and non-singular subregions. We refer the reader to this part for an
overview of our strategy.

11.3.1.2 Wiener-Ité chaos decomposition of Lﬁf).

The statement of Lemma I1.3.1 together with the fact that, for every fixed x € T3, the random variables

([) (x)andj jacyo (x) are stochastically independent, justify the use of the general framework of Theorem
IL. 2 5 to this precise setting, yielding in particular an explicit expression for the chaotic decomposition of
Lff). In view of Example (i) of Section I1.2.2 in the case d = 3, the quantity D) in (I1.2.3) is zero for
every i € [£]. This together with the fact that we study nodal sets, implies that (in view of Theorem I1.2.5
(i1)) the second-order as well as the odd-order chaoses identically vanish, yielding

LY =B [L] + > proip, (L), €3] (I1.3.1)
q=2



Chapter II. Nodal Sets of Arithmetic Random Waves 50

Normalized gradients. Writing T,Ei‘)(x) = anln 2aeA,, iaea(x) for iy € [£], in view of (I1.2.13), we
introduce the scaled partial derivatives having variance 1,

i A i 3 i . 3 .
TV (x) = g1 (x) = ,/E—ajr,il><x) :”/n N D Ajaiaeax), jeldl  (1132)
n ndeA,

and adopt the same notation as in (I1.2.2), that is
T () = {T0) : (. )) € [E1x 3]} € Mpa(R) .
it follows that

Using the homogeneity property (A2) in Definition I1.2.2 of the map @, ,,

E (12 g ‘ .
L) = (?”) R [T1mea @@ @) - ;5 TQ ) dx. &> 0. (I13.3)
T i=1
Therefore, by virtue of the almost sure convergence stated in Lemma I1.3.1, we can write the nodal volume
as (recall Definition 11.2.1)

E (2
L = (Z) 16 Wi,

where
G=T, wW={0,,TL0):xeT}, u9=....,00eR’.

The following proposition gives the Wiener-Itd chaos expansion of L,(f) and is a direct consequence of
Theorem I1.2.5.

Proposition I1.3.2 (Wiener Chaos expansion of L%)). Fix ¢ € [3]. Forn € S, the chaotic projections of
Lﬁp are given by
projy(Lyy”) = projg 1 (L) =0, ¢ >0, (IL3.4)
while for ¢ = 0 and q > 2,
/2 a ... ()
%) / . ﬁff)'—ﬁ(”;)‘agf) (P ) e 1% 131
pé”,...,pgl)zo p(()(f)"”’p;(e) >0 po e .po !

1 1 ¢ ¢
(() )+...+p§ )+...+p(() )+...+p§ )

projag (L) = (

p =2q

¢ 3
< [ [T @ [ T oo @ dx.
T° =i =0 7

where { Bi:ij= 0} and agf) {-} are the Wiener chaos projection coefficients of 6o and @} 5, that is
H;; (0

2}( ) i ] > 0’

V2n

B2js1 =0, poj=
and

1
¢ 1k 0y
H,‘:] Hj:](pjl )!

{ k
o {p\" : G j) € [T x [k]} o= B0y, X)-[ [[ [H,0&x™]|. k=€

respectively. In particular,

/2
E”) a(6,3) (IL3.5)

. @)\ _ @] _
projo(Ln’) = B [L” ] - (? Qm)rr’
where )

L k) = _ WO)eKk ’
Y0 = i

is as in (I1.1.8).
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I1.3.1.3 Analysis of the fourth chaotic projection

Our main findings on the high-energy behaviour of the fourth-order chaotic projections proj 4(L£f)), € € [3]
are contained in the next two propositions, whose proofs are presented in Section 11.3.2.3:

Proposition I1.3.3. For{ € [3], asn — oo,n # 0,4,7 (mod 8),

Var[proj4(L;(1€))] - (c’(le))z (fi -1y 76 ) ’

250 2 375

where the constant cff) is given by

O EN? 2 a3
" 3 Qmiz N,

Proposition I1.3.4. For ¢ € [3], we define the normalized fourth-order chaotic component
{projs(L") - n € S} 2= { (v, ™ proju(Ly) 1 n € S5,

where vr(fi = Var[proj4(L§f))]. Asn — oo,n #0,4,7 (mod 8),

— 0, ( b W‘”.E)_m (©) ng (O (y(ONT
projs (L") — ¢ 250+ > 375 Y“WMW (v,

where YO ~ Neoe-4)(0,1p90-4)) and M ) ¢ Me©e-ayxeoe-4)(R) is the deterministic matrix given by

-1 -1 1 1 -
M(f) = % Is, @g Isr(gfl) @g Isagfw GB% IS(’(g—l) @? 131’(5—1) .

Such results are proved as follows: In Section I1.3.2.1, we provide an exact expression of the fourth-
order chaotic projection of Lﬁf). In order to achieve this, we compute the Fourier-Hermite coefficients
of the function CDZ‘,’3 on the fourth Wiener chaos (see Proposition I1.B.5). We then use the orthogonality
relation for complex exponentials on the torus

/ ea(x) dx =1,-, (I1.3.6)
T3

and rewrite each integral of multivariate Hermite polynomials evaluated at the arithmetic random waves
and its gradient components by means of a useful summation rule over 4-correlations C,(4) and non-
degenerate 4-correlations X;,(4) (see (I1.3.13) and (I1.3.14) for precise definitions).

A subsequent asymptotic analysis of proj 4(L§f) ) is presented in Section 11.3.2.2. This analysis is based
on a multivariate Central Limit Theorem (see Proposition I1.3.19) for the summands composing the explicit
expression of proj 4(L§f)). Such a Central Limit Theorem, already appearing in [MPRW 16, DNPR19] for
the two-dimensional torus and [Cam19] for the nodal surface on the three-dimensional torus, is obtained
by verifying a suitable condition characterising normal convergence of the so-called Fourth Moment
Theorem (see Theorem 5.2.7 [NP12a]). Among others, we use the following asymptotic estimate
bounding non-degenerate 4-correlations on T3 (see Theorem 1.6 [BM19]):

card(X, (4)) = ON,/*#°Wy 5 o0 (11.3.7)
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11.3.1.4 Contribution of higher-order chaotic projections
We show that the projection on the fourth Wiener chaos of Lﬁ,’f) dominates the series in (II.3.1), in the
sense that

LY = proj, (L) + op(1),

where op(1) denotes a sequence of random variables converging to zero in probability asn — oo, n # 0,4,7
(mod 8). This is done by proving the following statement (see Appendix IL.E):

Proposition I1.3.5. For{ € [3], asn — oo,n # 0,4,7 (mod 8),

Var Z proj, q (LE,[))

- o(Var [proj4(L£f))]) . (I1.3.8)
q=3

The arguments for the proof of Proposition I1.3.5 are based on the use of a suitable partition £ (M)
(where M = M (n) is proportional to VE,,) of the torus into singular and non-singular pairs of subregions
(see Definition IL.E.1), following the route of [ORWOS8] and, later, [PR18, DNPR19]. We denote by
Lﬁf)(Q) the nodal volume restricted to a cube Q and by projg +(L£f)) = D3 proqu(Lﬁf)) the chaotic

projection of Lff) on Wiener chaoses of order at least 6. This allows us to write the variance of higher-order
chaoses as

Var[proj, (L) = ). Cov|projg, (L1 (0)), projs, (Li (@) , (I1.3.9)
(Q,0)eP(M)?

where the summation is over all pairs of cubes (Q, Q’) of side length 1/M. Splitting this sum into the
singular part S and the non-singular part S, we bound each of the contributions separately. For the
singular part, we prove the following bound (see Section II.E.3 of AppendixII.E):

Lemma I1.3.6. For{ € [3],asn — oo,n £ 0,4,7 (mod 8), we have

s =1 > Cov[proje, (L (2)), proje, (LY (Q")]| = O(ELR(6)) .
(Q.0"eS

Here, R, (6) denotes the integral 6-th moment of the covariance function r,, see formula (I1.3.12)
below. We give a brief overview of the proof of Lemma I1.3.6. We use the Cauchy-Schwarz inequality
and translation-invariance of the model to write

[559] < E3Rw(6) - Var [projs, (Ly” (Qo))]. (I1.3.10)

where we used that the number of singular pairs of cubes in the summation index is bounded by E>R,,(6)
and where Q¢ denotes a small cube of side length 1/M around the origin. In Lemma II.C.6, we justify
the use of Kac-Rice formula in Qg, so that, writing

Var [proje, (L (Q0)] < E [L{(00)?].

one can use Kac-Rice formulae for moments (see Theorem 1.1.12). Doing so, we exploit stationarity to
obtain

E LY (00)*] = /Q . K%, y;(0,....,0)) dxdy + B[ L (Q0)] L=
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E3/2
< Leb(Qy) KO(2,0:(0,...,0) dz + =213, 11.3.11)
200 M

where K©) is the two-point correlation function defined in (I1.C.3) of Appendix IL.C . Appendix II.C
contains a self-contained study of the two-point correlation function; in particular, in (I1.C.4), we derive
an upper bound of K© in terms of the covariance function r,, and its gradient, and subsequently perform
a precise Taylor-type expansion near the origin of this expression (see Lemma II.C.5). Using these results
then yields the estimate

E [L%)(Qo)z] < E a4+ B s + 1,

which combined with (I1.3.10) establishes Lemma I1.3.6.

Concerning the contribution to the variance of the non-singular pairs of cubes, we prove the following
proposition (see Section II.LE.3 of Appendix ILE):

Lemma I1.3.7. For ¢ € [3], asn — oo,n £ 0,4,7 (mod 8), we have

[sOl:=| > Cov[proje, (L (@), projs, (Li (Q")]| = O(ELRA(6)) .
(Q,Q)eS¢

In order to prove Lemma I1.3.7, we take advantage of (i) the Wiener-It6 chaos expansion of Lﬁf) and
(ii) a particular version of diagram formula for Hermite polynomials (see Proposition II.E.3) allowing
us to handle covariances of products of Hermite polynomials. The desired bound is then obtained by
exploiting the fact that the summation is over non-singular pairs of cubes.

Combining the decomposition of the variance in (II.3.9) with Lemma I1.3.6 and Lemma I1.3.7, the
proof of Proposition 11.3.5 is then concluded once we derive a bound for the integral 6-th moment of 7,,.
In order to achieve this, we can again use the orthogonality relation for complex exponentials on the torus
(I1.3.6) in order to link moments of the covariance function r,, to m-correlations, for m > 1,

card(C, (m))
N '

Rn(m) = /} ra(2)"dz = /3 ey 4am(2)dz =
T\

N’:n A, .., Am)eAm
Using this formula for m = 6 together with the estimate bounding the number of 6-correlations on T3
(Theorem 1.7 [BM19])

card(C,(6)) = ON, M), n = co,

yields

card(C,(6))
6

R (6) = / ra(2)% dz = =oWN,; Py 5, (I1.3.12)
T3

n

Combining this with the content of Proposition I1.3.3, we conclude that ESR,,(6) = o (Var [proj 4(L§f))] )

Remark I1.3.8. As described above, we point out that the combination of the findings in Lemma I1.3.6,
Lemma I1.3.7 and the estimate in (II.3.12) is essential in order to prove that the fourth chaotic component
is dominant in the Wiener-Ité chaos decomposition of Lgf). These results should be compared with the
analog statements in Section 2.4 of [DNPR19] for the study of ARW on the two-torus, and with the
findings in Section 7 of [NPR19] for the somewhat similar approach in the setting of Berry random plane
waves.
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I1.3.1.5 Finishing the proof of Theorem II.1.1
The proof of Theorem II.1.1 is concluded as follows: Relation (II.1.9) follows from (II.3.5) and the

distributional identity stated in formula (I11.3.49). The asymptotic variance in Proposition 11.3.3 together
with Proposition I1.3.5 prove (IV.1.20). Finally, (II.1.11) follows from the limiting distribution established
in Proposition I1.3.4 combined with Proposition II1.3.5.

I1.3.2 Complete study of the fourth chaotic component of L,(f)

In this section, we provide the exact expression of the fourth-order chaotic component of L(f) A
subsequent asymptotic analysis of this expression serves as preparation to deriving the limiting distribution
of the normalized version of L.

I1.3.2.1 Explicit form of proj,(L{")

In order to write the explicit expression of the fourth-order chaotic component of Lﬁf), we introduce some
auxiliary random variables. Fix ¢ € [3].

Definition I1.3.9. Foriy,i; € [€], j, k € [3] and n € S3, we define:

: 1 2
W) = Wi () = ——= > Adllagal’ = 1),
/leA nNNp (R,
M) () = Z @i alna. i1 <in £€{23},
" AeN,
M () = Z AjanaGna, i1 <in L€{23},
" AEN,
. 1 _ . .
M) = - — D Ak adna, i <in €€ {23},
n peA,
RO () = — Z laiaPlaial®, R0 = > AR allas
N AN, n QeA,

i —
S(l|,lz)(n) - Z a?. ,1“12/1 , (11 12)( ) = 2N Z /l 12 all 141 >
N A€A,  deA,

(ini2) 1
X2 (n) = /7 Qi1 AQi, XV Qin 7 Ain 17
n (/L/l’,/l”,/l’”)eXn (4)
. 1
X,E’k"m(n) = N, Z Ak Ay @iy AGiy 2 Qi 47 iy, 27
(aa,ar, /l"’)e/\’ 4)
1
Xlilkljlf)( ) = nzN /lk/l,'(/l}’/l}"ail,/lail,/paiz,,luaiz,/lm .

n (/l /l’ J" /l"')EX (4)
Note that /l% + /l% + /l% = n implies the relations
3 3

R(il,iz)(n) — Z R](_;'cl,iz)(n) , S(il’iZ)(n) — Z SJ(.;{I’iZ)(n) )

kj=1 k,j=1
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Definition I1.3.10. For i; € [£], and n € S5, we set

3
ai" (n) := /T V() de, al ()= ) /T H (T () (T, () dx.
k=1

3
" (m) = ) /T HAT () de, a ()= ) /T Hy (T, () Ha(T, ) () dx.
k=1 ]

k<j
and for € € {2,3}and i| <ip € [€],n € S3,

B (n) = / T () Hy (T3 (x) dx.
T,
. . 3 [ 3
KD my =Y /3HZ(T,E”)(X))Hz(T,Efi)(X)) dx,
k=17T

3
b = Y [ A ) dx.
k=17T

3
(i1,02) . (i1) (i2)
= Hy(T Hy(T ™ )
by (n) E /T3 2( Lk (x))H( . (x)) dx

k#j=1

. . 3 / [

R = 3 [ em g e,
k=1

bgil,iz)(n) — Z/T}Tr(l,illc)(x)T'E’i]l.)(X)Triflzc)(X)T;E’i;)(X) dx .
k<j

Spectral correlations on T3. For n € S3 and an integer m > 1, we introduce the set of m-correlations on
the torus,

Ca(m) = {AM, ..y e A 2D + .+ 2 =0} (I11.3.13)
and the set of non-degenerate m-correlations
Xn(m) = {u“), A € Cy(m) VI G [m), YA # 0} C Cu(m) . (IL3.14)
i€l

Recall that card(C,,(4)) = 3Nn2 —3N,+card(X},(4)), which is in accordance with the following summation
rule (see (3.6) in [Cam19])
= >+ >+
1

(/l,/l’,/l”,/l”’)e(,‘n (4) A== =" A==2"
A== " A== A==2"

D ) DT D > . (IL3.15)
/l:_ﬂl:/ll/:_/ll/l /l:/l/:_ﬂl/:_ﬂl/l /l:_/ll:_/l/l:/l/// (1,/1/’/11/,/1///) EXn (4)
In the sequel, we will write (1, 27, 1”7, 1”"") = (A1, 1@, A3, A®) for elements in C,(4) and X, (4) and
use the following abbreviations

pIEDIYD IS YR

AN, Cu(B) QXA eC (D) Xn(@D) (AX,A,A7)eXn(4)

The following lemma is a generalization of Lemma 4.5 in [Cam19] (obtained for £ = 1) applying
to the setting of multiple independent arithmetic random waves. These formulae follow by carefully
applying the summation rule (I1.3.15).
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Lemma I1.3.11. Fix ¢ € [3]. Foreveryii, iy € [£] and every j, k € [3], the following formulae hold:
2
Z Qi 2Qiy, 1 Ay, 1 iy, 7 = Z lag, 2 Z lai, 2% + 2( Z ail,/laiz,/l)
Cn(4) A A

2 —
—2Z|Clua| @il Z a; 2ai2" + Z @iy, A0y, 1 iy, 1 iy, 17 (IL.3.16)

Xn(4)

2
1 2 2 2 -
Z /l /l a,l Jall /l'alz ﬁ"alz = —Z |ai1’/l| Z Aklaiz’/” + 2(2 Akail,/laiz’,l)
A A A

Cn(4)

2 2 2 2 2 —2 "
23" Alai aPlanal® = > il @it + > AL i aai vai wai e, (13.17)
Bl a Xn(4)

Y 2 2
D AL @i, 4y 2 i —Za Jaiy al® Zﬂ |ai al

Cn(4)
— 2,2 2 23 __ 5
+2( Z )'k/ljail,/laiz,/l) -2 Z /lk/ljlail,/ﬂ |ai2,/1| Z A a;,. /laiz,/l
Z 1
+ Z A A7 A @iy aaiy v @i, 1 ai, (11.3.18)
Xn(4)

YR 2 2
Z AR A A A7 Qi A, 1 Qi 47 Qi 4 = Z Axdjlag al Z AxAjlaial
Cn(4) A A

2
+ Z ﬂiail,ﬂmz /l?ail,/lm + (Z /lk/ljail,,[m) — ZZ /li/112-|ai1,/l|2|ai2,/l|2
A A A
—Zaz/ﬂa? T+ Z A ALY @ qa vap vainr . (113.19)
k7 jTi,A%0, k7t Gi,ali, G, 12,
A X, (4)

The next two lemmas express the random variables introduced in Definition II.3.10 in terms of the
quantities defined in Definition I1.3.9. The following expansions have been proved in Lemma 4.4 of
[Cam19].

Lemma I1.3.12. Fix ¢ € [3]. Foreveryi € [{], we have
M a;'"(n) = 5 (W @)? = R () + 3 X1 (n))
(i) a3 (n) = 5= (W ()2 = RO (n) = 33 _, X3 ()
(i) a§ () = FE Z3_, (W2 = R () + X0 ()
(v) ag” () = 5 Tieeg WG MWD () + 2W ()% = 3R (n) + X35 ()
The next lemma deals with mixed expressions containing indices i; < i3.
Lemma I1.3.13. Fix ¢ € {2,3}. Foreveryiy < i € [{], we have
@) by (n) = 5= (WO ()W) (n) + 2M 02 (n)? = 2R02) (n) = SO (n) + X 012 ()
(i) by (n) = by > (n) = (WD W () + 257, M ()% = 2RO (n) + SO (m) —
Yo X (n)



Chapter II. Nodal Sets of Arithmetic Random Waves 57

Qi) b5 (n) = = Tk, 0 (W WD () + 2MP ()2 = 2R () = S (n) + X312 ()

kkjj
(v) by (n) = 5 T3_ (W W2 () + 2MG™ ()% = 2REE™ (n) = SE (n) + X052 (n)

V) B () = 5 Tieey (WP W () + MG (M (n) + M ()2 = 2R (n) -
(i1,i2) (i1,12)
S (n) + X (n)

Proof. Let € € {2,3} be fixed. For (i), by (II.3.16), we have

bgll,lz)(n)

/ Ho (T () Hy (TS (x)) dx
T3

/ (T ()T ()2 = TS (0) = T2 (x)? + 1) dx
T3

1

1 1
2 2
= N Gir, A8y, 2 Gip, 27 Qi 17~ E lai,,al N g lair,al™ +1

" Cn(4) "o "a

2 2 2
2 2 2 2
= — ) laj.al lairal” + — i 01| — —5 ) laial"laiyal
2 2 2
Nn n n N n N ~

Ly, , 1
ML iy i ¥ s Z iy, AGiy, 1 Qiy, " A, 1"
n X, (4

1 2 1 2
N ; laial? = <~ ; lap > +1.

Now using the relation

N Zuail,ﬂz -1 Zuaiz,ﬂz -1
- me me ——me2 N Zmlzn +1, (11320

Wwe can rewrite bi”’”)(n) as

1 2 2
= Zuai.,ﬂz - Dl = 0+ (¥ )
n ) n

A

2 5 2 1
- Z|ai1,/l| @iy al” — Z a; . 46112/1 +— Z Qi) AQiy 1 iy, 7 iy A7
NE & N,

X, (4

_ %(W(il)(n)w(iz)(n) + 2M(i1,i2)(n)2 _ ZR(il,iz)(n) _ S(il,iz)(n) + X(il,iz)(n)) .
n

Let us now prove (if). We start by computing fys Ha (74" (x)) Ha(T,2) (x))dx for fixed k € [3]. Bearing

in mind that
3
(i2) .
7,7 (%) _l’/nNn é Arag, 1ea(x)

/T Hy(T ) Ha(T5) () dx = /T GO TR @ T @ - TR @) + 1) d

and using (I1.3.17), we have
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3 2 2 » 6 —\
= il Alaivl” = Araiy,2ai,
2 k 2
nNi S y) nNi\ 5
6 2 2 2
__N2 E Aglaial®lai,al

no
/l///l//r 1 . 2 3 . 2/12 1
N2 all /lall ﬂ’atz /l”alg A A_/ |all,/l| - W |alz,/l| k + .
WNR X ) n 7 n

22 2
k%iy, %0,

Hence, summing over k and using the fact that /l% + /l% + /lg =nfor A = (A1, A3, 13) € A,, yields

3 2
o L 6 ) )
b (n) = N2 E |ai, al? E |ai,,al® — 5 (E ﬂkail,/laiz,/l) _szllail”” |@is.a
= n 2

a

2
Ny
3
3 2 "
+m ail’/laizg - 2 /1 /l i AQG |, Ajy, 17 i, A
n n k=1 X, (4)
3 —Z
2 2
- laial” = lai,al” +3
Ny 2 No &

Note that we can rewrite the second term as

6 < 2 6%
S

" k=1

5 3
! Z e 6 (@U1,12) (12
/lkail,/laiz,/l) = ZMk’ (n)”.

ValNy 3 N 5

Substituting (I1.3.20) in the computation above shows that bgl’iz) (n) is equal to

3
Ai/ (W(il)(n)W(iz)(n) +2 Z M}Eil,iz)(n) — 2R lz)(n) + S(ll i2) (n) — Z X(tl 12) )
n k=1 k=1

which is the desired equality. Relations (iii)-(v) can be proved by similar arguments. O

Explicit expression of proj 4(L,(f)). We are now in position to provide the precise expression of the fourth-
()

order chaotic component of L,,’. We introduce the following notation: We write 0, € M,x3(R) for the
zero-matrix; for an integer m > 1, we consider the mapping s(f) C([€1 X [3])™ — Mex3(R) defined by

SEn 0 s G i) 2= {11 J) € LGt j1)s - s o i) }] = (s ) € [E1 X [3]}

that is, sm)((zl,]l) > (im»> jm)) 1s the € X 3 matrix whose entry is 1 at positions (i1, j1), ..., ({ms jm)
and O elsewhere. The following Proposition II.3.14 contains the values of all the projection coef-
ficients af{p(’) 4, j) el[€]x [3]} appearing in the Wiener chaos expansion of L(f) in (IL.3.5) and

is a direct consequence of Proposition II.B.5 applied with X = Tﬁg (z),z € T3 in the three cases
£, k) € {(1,3),(2,3), (3,3)}; The exact values are entirely determined once we compute (see (II.1.8))

a(1,3) = \/%, a(2,3)=2, a@3,3) = \/%
bis bis

Proposition 11.3.14. For every ¢ € [3] and every collection of indices 1 =
{1, J1) # (2, j2) # (i3, J3) # (ia, ja) € [£] X [3]}, we have

o {0} = a(£.3),
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11
o’ {2517 1)} = 5y 30(83) = a(f, 3),

. 11 1
o {4510 (G, ji)) } = ~q52463) = —5pat3),

o 1
3 {25 ). G2 o))} = = p @ D)L=,
1
_@a(&3)]1-i1¢i2,j1:j2]1[€{2,3}
1
+%a(& 3 Li iy i/, Leeq23y »
o {5 (). (2. 2. (i3, ). G ja) | = =15 (E ) resTres) -

where S = {{(i1, j1), (i1, j2), (i2, j1), (2, j2) } = i1 # @2, j1 # Jo}.

In particular, from Proposition II.B.5, it becomes clear that the fourth-order chaotic component of
Lﬁf) does not involve (i) any non-linear interaction of the three ARWs simultaneously (for £ = 3), and (ii)
any product of odd Hermite polynomials except expressions of the form H(:)H;(:)H(-)H;(-).

Recalling the random variables introduced in Definition I1.3.10, we define the following two quantities:
for € € [3] and i; € [{],

-1 -1
Al Pubo ‘f,o 0 0} - afP () + 2L L2 °2ﬁ 2o {2501 1))} af ()
+ Bia? {450, 1)} afP ()
+ ﬁgagf> {25571, 1), (1,2)} - @V () ; (IL3.21)

and for € € {2,3} and i; < ip € [{],

B;fl(;iz) = (Ig'z) :Bg 2 (f) {0} - b(u lz)( ) + B> f' ([) {ngf)((l, 1))} . b;il’iz)(n)
+ ﬁ 2'18 a/g[) {2S§f)((1’ 1))} . bé(h,iz)(n)

+ Bhey? {2s50((1, ), @220} b (n)
+ ﬁgaf) {25571, 1), 2 1)} - B2 ()
+ ALt s, (1L2), 2 1), 220} b{ P () (113.22)

Then, the fourth-order chaotic component of Lif) is given by (recall (I1.3.3))

) E,\" @ (i1.i2) E\" o
: _ n 11 11 %) n .
proj, (L") = (—3 ) § A, E B, (—3 ) Sy, (I1.3.23)

ile[t’] ll<12€[€]

with the convention that }; .;, () = 0 if £ = 1. Using (I.A.4) and Proposition II.3.14, the expressions
in (IV.2.9) and (IV.2.10) simplify to

; 2
A(ll) — 6,3 (@) 1) ll) @)
ne (270[/2@( )(16 a; " (n) - (n) - 240 (n) - 120 (n)
and
. 2
(i) _ €3 ( B (n plini2) ¢, b/(u ) () 4 — plini)
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1 11,0 11,
120 o - 15 b5 ))

Using the expansions in Lemma I1.3.12 and the fact that W (n) = 37 _| W,S(‘)(n), we compute

‘ 2 a(t3) 1 3 , |
At = —(__ Wi ) = Wi — = % W (n)” + ™ ) 11.3.24
e = @A, 402( () = W;;") 201; D+ 1) (113.24)

where u'") (n) is given by

3

X () + Z X0 (g — %0 Z X (ny . (113.25)

k:

1 1
(ll)(n) — ER(l] ”)(n) + — T

Similarly, if £ € {2,3}, using Lemma I1.3.13 together with the fact that M) (p) = Zk M (” m(n)
yields

- 2 at,3) : . .
>i,i2)  _ (ll) () (i2) _ wii2)
BLY = oime (- k§ WD (n) = W () (W) () = W ()
<J
3 . .
(i1) (i2) 2 (ll 2) N2 (i1,i2) (i1,i2)
5k<,W (MW, (n)+ M (n)? - k%ﬁ] MG ()M (n)
1 : .
-5 § M ) + § (l"‘2>(n)2+n<’1”2>(n)) (I1.3.26)

where 1) (n) is given by
. 2 3 i |
n(ll,lz)(n) - gR(ll,lz)(n) _ OS(ll,lz)(n) + _X(ll,lz)(n)

3

1

SR - 3 i sz
k=1

11.3.2.2 Asymptotic simplification of proj 4(L§f))

We will now lead an asymptotic study of the fourth chaotic component of proj4(L§f)) obtained in
(I.3.23). This analysis is based on a multivariate Central Limit Theorem for the summands composing
the expressions of AS‘K) and B,(l"t;”).

We start by recalling the following formulae (see Lemma 3.3 and Appendix C in [Cam19]), which
are a consequence of the asymptotic equidistribution of lattice points projected to the unit two-sphere.

Lemma I1.3.15. For every j, k,l,m € [3], we have

1
Akd; = 1k, 11.3.28
nNn Z k 3 L= ( )
AeA,
1 1
2N, AEZA A Aj A = §1k=l=j=m + E(]lkzl,j:m,k;&j + Lg=j1=mk#1 + ]lk:m,l:j,k;tl) +¢&,, (I1.3.29)

where £, = O(n"V/2+°) s n — oo, n 2 0,4,7 (mod 8).

For the random variables in Definition I1.3.9, we prove the following asymptotic relations.
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Lemma I1.3.16. Fix ¢ € [3]. For every iy, iy € [£], the following holds as n — co,n # 0,4,7 (mod 8):

o P
R(n,lz)(n) — 202, + Ly s (11.3.30)
S () 521, (I1.3.31)
. i ini L*(®)
X(l],tz)(n)’ Xlikl 2) (n), X}Ekl}jz)(n) /50. (I1.3.32)

Proof. We introduce the equivalence relation ~ on A, defined by 4 ~ A’ if and only if 4 = -1’ and
write A, /. for the set of representatives of the equivalence classes under ~. Then, it follows that
card(A,,/.) = N, /2 and the collections {lail’,ﬂzlaiz’/llz = An/~} resp. {al.zl’/lmz A€ An/w} are
families of i.i.d. random variables with respective means

2 2 2 —2
E [|ai|,/l| |ai2,/l| ] = 2]li|:i2 + ]li]:ﬁiz 5 E [ail’,laiz,/l ] = 2]1i]:i2 .

Thus, relations (I1.3.30) and (I1.3.31) follow from the Law of Large Numbers: as n — oo,n # 0,4,7
(mod 8), we have

. 1 P
ROD ) = s D) lanalPlagal® = 2Lz, + i,
= QeA, /-
and
.o P

SR (p) = § a2 @t — 20, .

1,A%102, 1=l

Nn/2 Aeh, /-~

The convergences in (I1.3.32) have been proved in [Cam19] in the case i; = i. Using independence and
the fact that a;, 4 = a;,,—; for every i; € [{] and A € A, yields

E [|X(il’i2)(n)|2] - E [X(il,iz)(n)X(il,iz)(n)]
1
= m Z E [ail,/lail,/l,ail,—ﬂai],—ﬂ,] E [aiz,/l”aiz,/lmaiz,—ﬂ,’aiz,—ﬂ’/’]
T Xp(4) Xn(4)

1 . .

. (i1) (i2)

—- N2 Z Z E [Z/l,/l’,/l,/l/] E I:Z/l”,/l”’,/l”,/lm] .
T Xn(4) Xn(4)

Let us consider the random variable zf{‘/f gt Denote by N the number of pairs of vectors that are

equal in absolute value among {4, A’, i, 1’ }. Since we consider vectors of X, (4), we have that 1 + 1” # 0

and u + u’ # 0. Conditional to this observation, we claim that the only non-zero contributions of

E [ZE{IA), —u —u’] arise when N = 2 or N = 4. Indeed, if N = 0, all the vectors are distinct, so that by
independence, E [zf{;‘/l), e —u/] =0.If N=1,thenE [zf{‘/l), u _ﬂ,] takes one of the forms

E[lai.s*) B[ ] Elar] =0, E[a] |E[a;,E[air] =0, s#t#xt.

i1,8

IfN=2E [zfl’;‘/l),,_ﬂ’_ﬂ,] is of the form

E[lais?|Ela},] =0, E[las?]E[lay.?] =1, Ela} |E[a},]=0, s#=.

If N =3, then E [zf{l/l), u _#,] is of the form

E [a3 ] Elay:] =0, E [|ai1,s|2m:| Elai:] =0, s#zt.

i1,s
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Finally, if N = 4, the elements A, A’, u, i’ are all the same in absolute value, so that E [zfl’;‘/l), i —u’] is of
the form E [lail, S|4] =2o0rE [a;‘]’s] = 0. The same arguments hold for E [Z/({-,%’)/I,,,, a ”,,,]. Therefore, in

every non-zero contributions, the vector (2, 4°, 1", 1””’) determines the choices of (u, u’, u”’, u’”’), so that

card(X,(4))  N/4roM
<
N? N?
asn — oo,n £ 0,4,7 (mod 8) in view of (I.3.7). O

E [lx(il,iz)(n)lz] < =o(1),

A multivariate Central Limit Theorem. Recalling the random variables defined in Definition 11.3.9, we
define the following two random vectors for n € S3: for every € € [3] and i; € [{],

W () = (W ), W5 (), Wi (), Wi (), Wi (m), Wi (m)) € RS,
and, for every € € {2,3} and i} < iy € [{],
M(il,iz)(n) = (Ml(i"i2)(n), Mz(i]’iz)(n), M3(i"i2)(n), Ml(i]’iZ)(n)’ Mg"iz)(n), Ml(;]’iz)(n)’
Mz(lzl,lz)(n)’ Mé;l’m(n), Mégl’u)(n)) cRY.
The covariance matrix of the vectors W) (n) and M2 (n) above is computed in the following lemmas.

Lemma I1.3.17. For everyn € S3,{ € [3] and every iy € [{], the covariance matrix ofW(il)(n) is

%+sn 0 0 %4—8” 0 %+8n
0 Z+e 0 0 0 0
o =| 0 0 ftew 0 0 0 (I1.3.33)
5 tén 0 0 $t+eén 0 %+sn ’
0 0 0 0 Z+& 0
%+8n 0 0 %+sn 0 %+8n

where g, = O(n~1/284°W)) s n — co,n £ 0,4,7 (mod ).

Proof. The proof mainly follows from the relations in Lemma I1.3.15, together with the fact
E [(aial* = D(layol* = 1] = Lacsr -
The covariances of W},’;‘) for j, k € [3] have been computed in [Cam19], Appendix II.C. O

Lemma I1.3.18. Foreveryn € S3,€ € {2,3} and every iy < iy € [€], the covariance matrix of M) (n)
is

100 0 0 0 0 0 0
010 0 0 0 0 0 0
00+ 0 0 0 0 0 0
000 t+e, O 0 fE+en 0 =+gy
v =0 0 0 0 L+& O 0 0 o |, (I1.3.34)
000 O 0 L+& 0 0 0
000 +& 0 0 1+&x 0  fz+&y
000 O 0 0 0 L+& 0
000 £+& 0 0 L+e, 0 l+s,

where g, = O(n~1/28+°W)) s n — co,n £ 0,4,7 (mod 8).
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Proof. Similarly as in the proof of Lemma I1.3.17, we use Lemma I1.3.15 and the fact that, by indepen-
dence
E [aij,aGi, 200, vaiy ) = B [ai,2ai, 0] B [@i0 @pa] = Ta=—p .

Using this identity, it follows that

o . o o 1 1
(i1,i2) (i1,i2) _ (i1,i2) (i1,i2) _ . _ 1.
Cov[ M (n), M{"™ (n)] = B [ M2 (m)M"?) ()] = e ; i = 31k
and .
(ini2) (ii2) _ (ini2) (ii2) _ ! _ _
Cov[ M) (m), M ()] = B [M2 o) My ()] = - NI ; AU = 0.
Moreover,
Cov[Mﬂ‘;"z)(n), M ()] =E [MJF;;"”(n)Ml(,;”ﬁ(n)] = Z LA A
A
1 1
= g Lketmjom + E(]lk:l,j:m,kij + Limji=mirt + Lk=mi=jkzt) + €n s
which finishes the proof. O

The following proposition plays a central role in the study of the fourth chaotic component of the
nodal volume L,(f) in the high-frequency regime. We define the limiting matrices obtained from (II.3.33)
and (I1.3.34):

ZW = r}l_r)l;lo ZW(,,) . EM = lim EM(,,) ,

n—oo
where for a square matrix M,, = (m;;(n)), we set lim,, M,, := (lim,, m;;(n)).
Proposition I1.3.19. As n — oo,n # 0,4,7 (mod 8), the random vector

Vioa(n) = (WD), W (), WS (n), M (n), MY (), M> (n)) € R
converges in distribution to

Gios = (6.6, 61,60, 63Y) ~ Nis(0.Zg,.,,) «

where
ZGI,Z,S =Xy DTy DTy DIy DXy D Ly € Musxas(R) .

Proof. We start by showing that the covariance matrix of the vector V7 3(n) has the block diagonal form
Vi = 2w ® Zwen) © Lwm) @ Zum) © L) ® Lni(n) -
From Lemmas I1.3.17 and I1.3.18 and by independence, we have
E [(ai,a” = Day v, v| = B [(lai,a* = Dai, | B [@52] =0,

and therefore Cov[((W(i‘)(n))l, (M(il’iZ)(n))m] =0foreveryl =1,....,6 and m = 1,...,9. Similarly,
since for every i, # i3,

E [ail,/laiz,/lail,/l'ai:;,/l/] =E [ail,/lail,/l/] E [aiz,}.] E [ai3,/l'] =0 B

we have that COV[((M(il’iZ)(n))l, (M(i"i3)(n))m] =0forevery ,m =1,...,9. Thus, Vi 3(n) is of the
desired form. Furthermore, we notice that all the components {(V1,2,3(n))l l=1,..., 45} of Vi23(n)
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belong to the second Wiener chaos and that Xy, , ;) — Zg, ,; entry-wiseasn — oo,n # 0,4,7 (mod 8).
Thus, Theorem 6.2.3 of [NP12a] implies that, in order to prove the joint convergence to the Gaussian
vector G173, it suffices to prove that the convergence holds component-wise, that is

d
(Vi23(n); = N (O, (Zg,,5)1) » n—oo,n#0,47 (mod8),

foreveryl = 1,...,45. Using the Fourth Moment Theorem (Theorem 5.2.7, [NP12a]), this can be shown
by proving that the fourth cumulant of (V; 53(n)),; converges to zero for every [ = 1,...,45. For the sake
of completeness, we include the computations for W;;;l)(n) with j # k and M2 (n): writing A, /. for
the set of all the representatives of the equivalence class of A,, under the symmetry 4 — —A and using
the fact that j # k, we have

: 1 2
W (n) = A Ai(lag a* = 1) = AjAlaial
Jk nvVN, /l;n ' nvVN, /le%j‘/N 1
that is, W;,i‘)(n) is a sum of i.i.d. random variables. Moreover, for 1 € A,/ -,
2 2
jan P £ 2+ 2
i1, 2 2 bl

where u, 2 v, are independent real AV (0, 1) random variables. Thus, using homogeneity and indepen-
dence properties of cuamulants (see e.g. [PT11]), we have, asn — oo,n # 0,4,7 (mod 8)

2 ooV
K4 /lj/lk (— + —
(n N, AEAZn/~ 2 2

24 _ -
— > A (27 k) + 27 k()
NG (&

s (W)

— ka(uy) + k4 (V) ) < — =o(l),
N2 )<~
where we used that /li < n for every k = 1,2, 3, which implies that /l;!/li <n* Concerning M (il’iZ)(n),

we write

- 1 2 —
M2 () = E @i, A i, A = ~— E dij,attiz, 2-
\/A_/n 1> 25 N 1> 25
AeN, nAeN, /-~

Noting that for every 4 € A,/

2

_ — 2
d (@i 2+ @i, ) (i, 0— Ain,a) %0~ Gina

ap,aai a2 = D) D)
and using independence, we infer
4
ks (M2 (n)) = 2—2 D> kalai @) = — D Kka(@} —@10)
N”/leA /~ N”/leA [~ ’
1 1
v (K4(alz,,/1) + ka(@p ) < N o(l),
n deh,/~ n

asn — oo,n # 0,4,7 (mod 8). The other computations are done similarly. O
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The following corollary follows immediately:
Corollary I1.3.20. For{ € {2,3} and i, <iy € [{], asn — oo,n # 0,4,7 (mod 8), the random vector
Viniy (n) = (WO (n), W (n), M2 (n)) € R*!
converges in distribution to
Gi iy == (G, G, G12)) ~ Ny (0.5, ) »
where
26, = Zw ® Zw © Xm € Mo (R) .

We use the above established CLT in order to derive the limiting distribution of the fourth-order
chaotic component of L,(f). From Lemma I1.3.16, it follows that, as n — oo,n # 0,4,7 (mod 8), the
sequences in (I1.3.25) and (I1.3.27) satisfy

) 1 . 2
W (n) = TRAGUR n'2) (n) = S +oe(D), (I1.3.35)

where op(1) denotes a sequence converging to zero in probability. Now, bearing in mind the expressions
(I1.3.24) and (I1.3.26), we define

) 1 . : 3 i ;
FOWW) = =5 3" (W) = WD) = 25 > WP i e le]
k<j k<j

and

1 i i i i
G(Vin) = =35 ) (Wi () = WD) (W (n) = W2 (m)
k<j

3
3 @) ¢,y ! (i) (y2 1 (i102) () 1y Ginei)
=5 2 W OWR 0+ 15 > M 00 = 55 > Ml M ()
k<j k=1 k#j

1D i, 2, 3 (ii2) )2

= Mkll,lz (n) + E ZMk;l,lZ (n) S il < iZ S [[]

2
k=1 k<j

Combining these definitions with (I1.3.35), leads to the asymptotic relations

AL = ot LR @) o], € 1) (113.36)
B = it Vi) +or(DL i <izeld 133

where
FOW (n)) = F(WD (n)) + % . 8(Vini(m) = G(Vi i, (m) + % (IL.3.38)

Plugging (I1.3.36) and (I1.3.37) into (I1.3.23) and using the CLT in Corollary I1.3.20, we obtain that, as
n—oon#0,4,7 (mod 8),

() projg(L) S Y F@ D)+ g(Giy) = L0, (11.3.39)

i1 €[€] i1<ir€[l]

where

EN? 2 al
O (?) @(43) (I1.3.40)

Qm)tz Ny
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11.3.2.3 Proofs of Proposition I1.3.3 and 11.3.4

From the convergence in distribution stated in (I1.3.39), we conclude that the sequence
{Yn(g) = (c,(f))‘1 pr0j4(L£,€)) ‘ne€ S3} living in the fourth Wiener chaos, is tight and thus bounded in
LP(P) for any p > 0 by virtue of the hypercontractivity property of Wiener chaoses (see e.g. [NR14,
Lemma 2.1]). This implies that the sequence {(Yn(f))2 ‘neE S3} is uniformly integrable. By Skorohod’s

Representation Theorem (see e.g. [Bil99, Theorem 25.6]), there exist random variables {Yn([)* ‘n € 53}

and L©* defined on some auxiliary probability space (Q*,.%*, P*), such that (i) Yn([)* d Yn(f) for every

n € S3 and LO* 4 L and (ii) Yn('f)* — LO* P*as asn — oo,n £ 0,4,7 (mod 8). Therefore

we conclude that the sequence {(Yn([)*)2 ‘ne€ Sg} is uniformly integrable. In particular, we infer that
4 )+ * .

15 2@ = 16 2@ = 1L 2@ = 1Ll 2 ). Le.

(cflf))_zVar[proj4(LS,£))] - Var[L(f)] ,
asn — oo,n # 0,4,7 (mod 8), or equivalently
Var [proj, (L{)| ~ (ci)* - Var[L©] , (IL3.41)

asn — oo,n # 0,4,7 (mod 8). Therefore, the asymptotic variance of proj4(L£f)) in Proposition 11.3.3
and its asymptotic distribution in Proposition II.3.4 follow respectively from the variance and distribution
of L), given in the following statement.

Proposition I1.3.21. For the random variable L'© appearing in (11.3.39), we have

102 Lo Lg (3D, Lg(SUEDY, L (SUED) _1g 3=y,

-
where {é (ki) :i=1,.. .,5} is a family of independent centered chi-squared random variables, and
therefore

1 (—-1) 76

Var[Lw)] ={- ﬁ + ) ﬁ .

Proof. The proof is based on lengthy but standard computations involving covariances of Gaussian
random variables. We provide a sketch of the proof for the sake of readability. From relation (I11.3.39)
and the structure of the covariance matrix of G;, ;, in Corollary I1.3.20, it follows that

-1

var[1©] = ¢ Var[ @ )] + LD

7 - Var[g(G12)] .

The variances of f(G") and g(G1,») are then computed using the explicit expressions of f and g as well
as the covariance matrix Zg,,, in (IL.3.19). The probability distribution of L“) is obtained by a standard
diagonalization argument in order to express the latter in terms of independent standard Gaussian random
variables, implying in particular the formula for its variance. O

The proof of Propositon I1.3.4 is concluded, once we note that the distribution of L) in Proposition
I1.3.21 can be written in the form YOM©O O where YO ~ Npor-ay(0,Ip9r-4y) and MO €
Me©e-ayxeoe-4)(R) is the deterministic matrix given by

M© = 1y ea_ll @II ealI ea_ll
- 50 5¢ 25 5[(?*1) 25 5[’(27” 50 55(271) 6 3[’(571) N

with the convention that, A @ 0 = A for any matrix A.
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Appendix IILA  Proof of Theorem II.2.5 and chaos expansion of level func-
tionals

ILA.1 Wiener-Ité chaos expansion of J(G, W;u®)

We now provide the chaotic decomposition of the random variable J(G, W; u©)) introduced in Definition
I1.2.1. Informally, the latter is obtained by multiplying the respective chaotic expansions of Hle 0y; and
W and then integrating the obtained expression over Z.

Formal chaotic expansion of the Dirac mass. Foru € R, denote by { ﬂj(.“) j= 0} the Hermite coefficients
of the formal expansion in Hermite polynomials of ¢,,, that is

(u)

Su(x) = Y —F-H;(x), xeR
A

where
ﬁj(-”) = /Réu(y)Hj(y)V(y)dy =H;u)yu) . (ILA.1)

Approximating the Dirac mass by indicators (26)'1_¢¢(x — u) for & > 0 and denoting by
{ﬂ;”)(s) j= 0} their associated Fourier-Hermite coefficients, the following lemma (roughly corre-

sponding to [MPRW16, Lemma 3.4]) shows that the coefficients { ,81(.“) 1j > 0} in (ILA.1) are obtained
from {,8](.”)(8) tj= O} by letting £ — 0.

Lemma ILA.1. Foreveryu € R and & > 0, the following expansion holds in L*(y):

(u)
1 N &
5o liea(x =) = Z L —Hj(x), x€R

& = !

where
(u) 1 ute
By (&) = % y(»dy,
and for j > 1,
) 1
BS )(e) = — 5 (i + &)y +2) = Hiy(u - &)y = o)) . (IL.A.2)

In particular, for every j > 0, as € — 0,
/3;“)(8) - /3](.“) . (IL.A.3)
For the nodal case corresponding to u = 0, we write ,8](.0) =: B;, and compute

H2j(0)
Var

where the first equality is a consequence of the symmetry relation Hy (—x) = (—1)XHy (x). In particular,
we have

Bojs1 =0, pBoj= Jj=0,

1 1 3
=—, =——, =—. ILA4
b=z P=rmm B (ALA9

The following standard proposition gives the Wiener-Itd chaos expansion of J(G, W;u'®)) defined in
Definition I1.2.1. Its proof is based on the expansion of (2e)~¢ Hle LIi—¢ c1(® — u;) into Hermite
polynomials by means of Lemma II.A.1 and then letting € — 0. We omit the proof.
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Proposition I1.A.2. Let the above setting prevail. Assume that the random field W = {W(z) : z € Z} is
such that (i) sup,., E [W(z)z] < oo, (ii) W(z) is o(G)-measurable for every z € Z, and (iii) W (z) is
stochastically independent of (GV(2),...,GO(2)) for every z € Z. Then, the random variable

14
Jo(GWiu®) = / @28) " [ | 11me.e1(GP(2) = wi) - W(z) p(d2)
z i=1

is an element of L*(P) for every € > 0. Moreover, if J(G, W, u©)y as in (11.2.1) is well-defined in L*(P),

then for every q > 0,

W) . plue) b4
’le ﬁj(’

proj, (J(G, W;u@) = 3 T /Z [ [#:(G? @) - proj, (W(2)) pu(dz) , (LAS)
’ ’ i=1

Jtseenjeor 20
Jit..Hjetr=q

where { ,BJ(.“> ij > O} denote the coefficients of the formal Hermite expansion of 6,, given in (1L A.1).

ILA.1.1 Some elementary facts

Let k > 1 be an integer and X = (X1, ..., Xi) a standard k-dimensional Gaussian vector. We write ||-||x
to indicate the Euclidean norm in RX. We will need the following standard fact.

Lemma II.A.3. The random variable || X || is stochastically independent of X /|| X ||x.

Proof. Let g : RK*! — R be a bounded continuous function. Then, by passing to polar coordinates, we
have

X u k-1 e—r2/2
/Rk 8 (lell, m) Ye(x)dx = /R+XS’<1 g (V, ;) r (Zﬂ)k/zcrk(du).

This shows that the density function of the vector (|| X||x, X/||X|lx) is of the form fy(r) f1(u), yielding
independence. O

For integers 1 < ¢ < k, we recall the notation introduced in (I1.1.8)

(k)exk

0 G

where (k)¢ := k!/(k — €)! and ki := r(%:/z) stands for the volume of the unit ball in R¥. The following
lemma contains an expression of the moments of the Euclidean norm of a standard k-dimensional
Gaussian vector.

Lemma II.A.4. For all integers k > 1 and n > 1, we have

n| _ n/2r((k+n)/2)
E[IIXI7] =2 T (I1.A.6)
In particular,
EflX|k] = a(1, k), (IL.A.7)
E[IXIF] =&, (ILA.8)

E[IIXI}] = (L) (k+1), (ILA.9)
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E [||X||,ﬂ = k(k +2), (IL.A.10)
E[IIXI}] = (L k)(k + 1)(k +3), (ILA.11)
so that
E||X]|?
_[” ”k] —k+1. (ILA.12)
E[11X1lx]

Proof. The law of the random variable || X || is the chi-distribution with k degrees of freedom, whose
density is given by

_ 1 k-1 _-x2/2
f(x)_—Zk/z—ll"(k/Z)x e X7, x>0.

Thus, it follows that, forn > 1,

n| _ ® n _ 1 ® k+n—-1_-x2/2
E[“X“k] _/0 X f(x)dX— m/(; Xt e dx .

Performing the change of variables y = x?/2 yields

1 _ I'((k+n)/2)
E X1} = so=m - 25270 ((k + 0) [2) = 2P
[1x17] FETG) ((k +n)/2) )
which proves (ILA.6). The identities (I.A.7)-(IL.A.11) are obtained from (II.A.6) forn = 1,...,6
respectively, together with the relations I'(z + 1) = zI'(z) and the definition in (II.1.8). O

I1.A.1.2 Wiener-Ito chaos expansion of @

For integers 1 < ¢ < k, we consider a generic map @, as in Definition 11.2.2 and a matrix X =
{X](.’) 2 (i, ]) € [€] x [k]} € Mexx(R) with independent standard normal entries.

The next lemma provides a characterization of the second chaotic projection associated with X and
@ x (X), where we assume that E [(Dg,k(X)z] < o0. As before, we set E [ (X)] = ak.

Lemma II.A.5. Let the above assumptions and notation prevail. Then, the following properties hold:

@) foreverym > 1,(i1, j1)s---» (im> jm) € [€1X [kl and py, . .., pm € N such that py + . ..+ p,, is 0dd,
we have

E |00 (X) [ | Hp, (X()| =0;
a=1
(i) for every (i1, j1) # (i2, j2) € [€] X [k], we have
2 [0 XXX <0:
(iii) for every (i, j) € [£] X [k], we have

i 1
B |0ex () HAX™)] = can .

Proof. Let us prove (i). Writing p; + . .. + p,, = r and using the fact that X 4_x together with property
(A3) and the symmetry relation Hy(—x) = (=¥ Hy (x) for odd k, we have

O (X) [ | Hpa (X)),

a=1

Ori(=X) [ | Hp (X)) | (1)

a=1

B |0 (X) | | Hp, (X)) | =B

a=1
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which implies the claim. Let us now prove (ii). Assume first that £ > 2 and i; # i>. Let X* be the matrix

obtained from X by multiplying the i;-th row by —1. Then, X 4 x together with (A2) applied with
c = —1 imply

J =B [0 X)X VX2 ] = B[00, (X)X VX = B [0 (X)(-X)X ] = -,
and therefore J = 0. Assume now that i; = i (and therefore that j; # j;). Let X be the matrix obtained
from X by multiplying the j;-th column of X by —1. Then, X 4 xr together with (A3) imply
J=E [q)g,k(X)X(ll)X(lz)] E I:(ka(X**)X**(”)X**(ZZ)] I:(ka(x)( X(ll))X(lz)]

which yields the desired conclusion. In order to prove (iii), let X* be the matrix obtained from X by
multiplying the i-th row by ¢ = 1/]|X@|lx. Then, according to Lemma II.A.3, the i-th row of X* is
stochastically independent of || X @1lx. We have

) 1 .
B0k (O H(X[") ] = 1B [@exOIXVIF] - B[00 (X)] .

so that, using (A2) and the independence mentioned above, yields

) 1 .
B0 X = B [@anX)IXOIR] - B [@0(X)]

1E [@r(X)] ; 1 1
= ——— 2B XD}| -E[@x(X)] = —E [®rx(X)] = —ar,
kE [IIXD]|] [IXDUF] - B [@x (X)] LB [@(X)] = caek
where the last equality follows from (I[.A.12). O
The following proposition combines Lemma II.A.5 with the classical general formula for the chaotic
projections of all order of @, x (X).

Proposition ILA.6. Let gy : Mex(R) — Ry be as in the previous lemma. Then, for g > 0, the
projection of O¢ i (X) onto the q-th Wiener chaos associated with X is given by

£ k
proj,@ec(X) = > .. > @ {p ) e el x [k} nl_al;i>(X;i)),

1 1 14 14 =1 j=
P\ ),...,p,i)>0 PO, p,(( )20 =1l j=1

pfl>+..+p +.. +p(F)+ +p =q

where the coefficients a/](f) {p](.i) 2 (i, )) e [€] % [k]} are given by

o {p\": (i j) € [T x K]} := 0o H,’fl_l(p}”)! B | D (X) - !jf[Hpm(X(')) (ILA.13)
In particular, we have
projo(Pe k(X)) = [(Dt’k(x)] =k, (ILA.14)
Proj, (Pr (X)) = —= ZZ (x\7)? - (ILA.15)
Projyg.1 (P (X)) =0, c; ;JO (ILA.16)

Proof. The formula for proj, (¢« (X)) follows from the orthogonal decomposition of L*(P). For g = 0,

@) = 0 for every (i, j) € [£] X [k], so that projy (e (X)) = E [®(X)]. For ¢ = 2, in view of
@ .

we have p;

Lemma II.A.5, only the tuples (p : (i, j) € [£]1x[k]) involving exactly one 2 contribute to the projection
on the second chaos and the conclusmn then follows from Lemma II.A.5 (iii). Finally, the projections
onto Wiener chaoses of odd order vanish in view of Lemma IL.A.5 (1). O
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II.LA.2 Proof of Theorem I1.2.5

Part (i) follows from the form of the g-th chaotic projection of J provided in (II.A.5) and Proposition
II.A.6 where the random matrix X is replaced with X, (z). Indeed, by (II.A.14) and the fact that u(Z) = 1,
we have

projo(J) = Bg" -+~ By / ]_[H()(X(’)(z)) projo (Dr k (X« (2))) ,U(dZ)—l_[)’(Mz) @k .

This proves (I1.2.8). For (I1.2.9), since proj; (P, x(X«(z))) = 0 by (II.A.16), we have (recalling the
definition of m¥ in (I1.2.4))

proj; (/) = Zﬁi“’ﬂﬁ“‘f /Z Ho(Xg" () Hi (X" (2)) - projo(®e,x (X« (2))) p(d2)

]:#l

4
[Ty | x0@ - v udz) - ]_[y(un o Zm "

] =1
¢

14
=

Let us now turn to (I1.2.10). We have

(ui)

proj(J) Zﬁ = ]—[ﬁ(”’ /Z Ho(Xg" () Ha (X" (2)) - projo(@e,x (X« (2))) p(d2)

j#:l
4
[ ]88 /Z Ho (X (2)) - proja (@ (Xu(2))) p(d2) .
i=1

Now, using 5" = y(u;)(u? - 1) and (ILA.15) yields

l 4
proin() = 5[ [y Y ad -1 /Z (X§"(2)* = 1) p(d2)
J=1 i=1
14
w5 [ Ty / ZZ(X“)(z)2 1) p(dz)
i=1 i=1 j=1
_ o T \ 2o [ xO2—1+ LS D22 1) uid
= - L_l[y(ul) Zl (-1 | @7 - )+%Z< 1) = 1) p(dz)
14
= 5[ Z{ /(X“>(z)2—1)u<dz)+D“>}

i

where we used the definition of D in (11.2.3).

For part (i), set u; = D =0 for everyi € [£]. Then, (IL.2.11) follows since y(0) = 1/ \2n. By (11.2.10),
we have that proj,(J/) = 0. It remains to show that proj,,,(J) = 0 for ¢ > 0. The fact that :8§9<)+1 =0
for every k > 0 implies that the expansion in (II.A.5) runs over indices jy, .. ., j¢ that are all even. The

projection of J onto Wiener chaoses of odd order is therefore of the form
O .. O
B J1 B Je

PO ()= ), =

Jiseensjesr 20
Jit.Hje+r=2g+1

£
/Z [ ] Hi(X§” @) - proj, (@ x(Xu(2))) u(dz) ,
i=1

where ji, ..., je are all even and r is odd. The conclusion then follows from (I[.A.16).
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Appendix II.B Fourier-Hermite coefficients of Gramian determinants on
the fourth Wiener chaos

For integers 1 < ¢ < k and a € X k matrix X with i.i.d. standard normal entries, we consider the function
D, Mea(®R) > Ry, X det(XXN'2 (ILB.1)

The following lemma shows that @), , defined in (IL.B.1) satisfies Assumption A of Definition 11.2.2. In
order to prove this, we recall Cauchy-Binet’s identity:

1/2

;X = > detX;, ) (ILB.2)
J1<...<jeelk]

where, for j; < ... < j¢ € [k], we denote by X, i, € M¢xe(R) the matrix obtained from X by only
keeping columns labeled ji, . . ., jo. We refer to det(Xj, .. ;,) as the minors of X.

Lemma IL.B.1. The function @, in (ILB.1) satisfies Assumption A of Definition I1.2.2.

Proof. (A1) Permuting two columns multiplies some of the minors by —1, which is absorbed by taking
its square. Permuting two rows multiplies each minor by —1, which is again absorbed by taking its
square.

(A2) Let X* denote the matrix obtained from X by multiplying the i-th row by ¢ € R. Then, for
every ji < ... < je € [k], we have det(X}f1 ..... j[)z = ¢? det(le,“_,‘,-f)z, so that (IL.B.2) implies
@;’k(X*) = [c|®@ , (X).

(A3) Let X* denote the matrix obtained from X by multiplying its j-th column by —1. Then, X*(X*)T =
X X7, so that trivially 0y, (X) = D), (XY).

(A4) Let X* denote the matrix obtained from X by replacing its i;-th row with the sum of its i-th and
ir-th row for i1 # i>. Then, the invariance of the determinant under this operation implies that for

every j1 < ... < jg € [k], det(X;‘.l,.__’j[) = det(X,,..j,), so that <Dj,,k(X*) = CD;’k(X).
O

ILLB.1 A representation of the Gramian determinant

In the forthcoming discussion, our goal is to compute the Fourier-Hermite coefficients within the fourth
Wiener chaos associated with the function (DZ i In (ILB.1). Our strategy goes as follows: in LemmaIl.B.2,
we prove a deterministic identity for Gramian determinants in terms of products of distances between
subspaces generated by the matrix based on geometric observations. In Lemma I1.B.3, we subsequently
characterize the probability distribution of each of the factors and obtain in particular a formula for the
expected value of the Gramian matrix associated with a standard Gaussian matrix. We point out that
similar techniques based on factorization of Gramian determinants are used in Chapter 13 of [AT(07] in
order to establish the Gaussian Kinematic Formula. We refer the interested reader to this book for further
details.

We start with a deterministic result. Let v(D, ..., v(© € R¥ be linearly independent vectors and X the
£ x k matrix whose i-th row is v(?. For s = 0,...,¢ — 1, we write ¥, := span {v(l), .. .,v(s)} to indicate
the s-dimensional linear subspace generated by the first s rows of X with the convention %; := {0} and
denote by py the projection operator onto ¥5. Furthermore, we set

d(k —s) = v+ —p 0S|, 5=0,...,0-1,
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that is, d(k — s) is the Euclidean distance in R* between v**1 and #;. The next lemma yields a useful
representation of Gramian determinants.

Lemma IL.B.2. Let the above notation prevail. Then, the map ©, , in (ILB.1) admits the representation

£-1
0, (X) = [ [dtk-s). (ILB.3)
s=0
Proof. Applying the Gram-Schmidt orthogonalization process to the vectors {v(l), .. .,v([)} gives rise

to a family of orthogonal vectors {w(l), .. .,w([)} such that span {w(l), .. .,w([)} = span {v(l), e v(‘))}.
These are given recursively by w) = v andfors = 1,...,0 -1,

(s+1) ()
WD (s (v W) W@ = (+D (s+1)
=v Z Tl = ps (),

where (-,-) denotes the canonical inner product in R?. Denote by W the £ x k matrix with rows
w®, . w®, There exists an orthogonal ¢ X ¢ matrix P such that W = P X, which implies that
WW? = PXX" PT | so that @} (W) = @3, (X). As the rows of W are mutually orthogonal, we have
that

WWT = diag (||w<1>||,§, e ||w<">||,§) = diag (d(k)z, cond(k—(6— 1))2),

and therefore,
£-1

@} (W) = [_[ d(k - s),
s=0

which is formula (IL.B.3). O

We will now pass to the probabilistic setting and replace each of the deterministic vectors vV, ..., v(©)
by independent standard Gaussian vectors XV, ..., X©). The following lemma characterizes the proba-
bility distribution of the random variables d(k — s).

Lemma ILB.3. Let the above setting prevail. For every s =0,...,{ — 1, the random variable d(k — s)
is chi-distributed with k — s degrees of freedom and stochastically independent of (XD, ..., X)), In
particular,

S
—_

e =E[0; (X)] = | |Bldtk - )1 =t k), (IL.B.4)

0
Il
=]

where a (€, k) is defined in (11.1.8).

Proof. Let {ey,...,er} denote the canonical basis of R¥. Since d(k) = || XV||x, the random variable
d(k) is clearly chi-distributed with k degrees of freedom. Now fix s € {1,...,¢ — 1}. By the rotational
invariance of the Gaussian distribution, the conditional distribution of d(k — s) given {X M X (s)} is

precisely the same as the distribution of the distance from X*! to R®, that is

k

\) S+ 2
d(k—s)|{X(l),...,X(‘)}— ( E (X( D,ej) )

Jj=s+1
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Since the coefficients (X*D, e;) = X;S“) are i.i.d. standard Gaussian, we infer that the conditional
random variable d(k — s)| {X M X (“)} is chi-distributed with k — s degrees of freedom. Thus the
characteristic function of d(k — s)?| {X(l), .. .,X(S)} is

¢d(k_s)2|{X(I)’_“’X(S)}(t) =E [e”d(k_s)le(l), .. .,X(S)] =(1-=2it) k972 teR.
Therefore, taking expectation

Ba—sy2 (1) = E [0 = B [E [0 1x D, XO]] = (1 - 2ir)~ %72,

from which we conclude that d (k —s) is also chi-distributed with k —s degrees of freedom. Moreover, since

d(k - )1 {x®, .. x®} 4 d(k - s), we deduce that d(k — s) is independent of {xM,..,X®}. The
identity in (I11.3.49) follows from independence, and the fact that by (II.A.7), E[d(k — s)] = a(1, k — s):

(\
S

-1 -1 -1
. k — $)Ki—g
aex =B [0;,0] = [ |Eldtk- 91 = [ ok -5 = [ | EE225= _ an),
’ ‘ 5=0 V27Kj—s-1

v
Il
(=)
Il
(=)

N

which finishes the proof. O

II.B.2 Technical computations

The following result entirely characterizes the fourth chaotic component of the function @), , (X) defined
in (I.LB.1) where X is a € X k matrix with i.i.d. standard Gaussian entries.

Lemma II.B.4. Let the above notations prevail. The following properties hold:
(1) forevery (i, j) € [£] X [k], we have

. k+1)(k+3
E [0}, (X)(X\")'] =3a(t, k)% ;

(ii) for every (i1, j1) # (iz, j2) € [€] X [k], we have
E[o;  (X)(X{)*Xx ] =0,

(iii) for every (i1, j1) # (iz, j2) # (i3, j3) € [€] X [k], we have
E [q)z,k (X)(Xj(l”)) X(lz)X(H)] 0

(iv) for every (i1, j1) # (i, jo) € [£] X [k], we have

: 4 k+1)(k +3

B [0, () (X2 (X)) = at i Z(k)ft 5 i
(k + 1)(k +3)

+ a(f, k)w]li#iz,jn:jzﬂfﬂ

(k+1)(k+2)—(k+3)

+a(l,k)(k+1) rk—D(k12) Liszin iz Lex2 s

(V) for every collection I = {(i1, j1) # (i2, j2) # (i3, j3) # (i4, ja) € [€] X [k]}, we have
k+1
E|®;  (OXVX DX K| = —a(l, k) T es1
[ ek X) ] —a( )k(k—l)(k+2) reslez,

where S = {{(i1, j1), (i1, j2), (i2, j1), (i2, j2) } 1 i1 # @2, j1 # Jo}.
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Proof. We prove (i). By (Al), without loss of generality, we can assume that i = 1. Using the
representation in (I[.B.3), the fact that IXDl = d(k), as well Lemma II.A.3 and (I11.3.49), we have for
every j € [k],

-1 X(l) 4 0 X(l))4
E [‘I’Zk(x)(xj(‘l))4] E | d(k) l_[ d(k — s)—L— X (])”4 IXDt = E|d(k)® 1_[ d(k —s) d(k)?
E[d(k)] =L Ue+ Dk +3)

ﬂE[d(k ~9]E [(XJ(”)“] = 3a(l, k)

§S=

T E[d(k)Y] kk+2)

where the last equality follows from Lemma I1.A 4.
We now prove (ii). Assume i; = i (so that j; # jp). Multiplying column j, by —1 and using (A3) then
yields the desired conclusion. Ifi; # iy and j; = j,, the result follows from (A2). The casei| # iz, j1 # jo
follows either from (A3) or (A2).
The result in (iii) is obtained by arguments similar those in (ii).
For (iv), let us assume that i; = i; (so that j; # j,). Denote by X* the matrix obtained from X by
multiplying the i{-th row by 1/]|X @||¢. Then, we first observe that by (A2) and Lemma I1.A.3,
E [0  (XIXW ] = B0, XHXWIR] =B [0]  XH]E[IXD;]
Bl
= ————E[IXIR] = a(k)(k+ 1)k +3),
E [I1X 0[] | d

where we used Lemma I1.A.4. On the other hand, we can write

k
E [0  OIX D] =B |0, (X) Y (xIM)2(x()?
J7=1

B[op e + D) B0 MM gy
! J#i'€lk]

kB[ OK)*] + klk = DB [0, O]
(k + 1)(k +3)

k+2

o

—_

3a(t, k) +k(k-DE [(Dzk(X)(X;l’"))2(Xj(.2il))2] ,

for every ji # j», where for the last equality we used the formula proved in (i). Therefore, it follows that
for every ji # jo,

Y2y i . ; (k + 1)(k +3)
E @], (X) (XXX ()] = D (E [, COUX D] = 3a(t. ) == )
(k+1D(k+3)\ (k+1)(k+3)

k(k T (a(€, k)(k+ 1)(k +3) —3a(l, k)T) =a({, k)—k(k )

Let us now deal with the case i; # i and j; = j», for £ > 2. Denote by X, the matrix obtained from X
as follows:

(Xi)(ll) — (X(ll) + X(lz)) ,
V2
; 1 : . . 1 . .
(X_)(lz) = (—2x@ 4 (X(ll) + X(lz)) — (X(ll) _ X(lz)) ,
I )%

(X)W = XD e[\ {iiz} .
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By construction, the rows (X)) and (X)) are stochastically independent standard Gaussian vectors,
d
so that X = X,.. Hence, we have on the one hand

. (y4] _ . (iNy4] _ (k+1)(k +3)
B [07, (X (X)) '] = B [0, 000G ] = 3at =25
in view of (i), and on the other hand, since ®; , (X,) = Y220%  (X) = @}, (X), we conclude

X(ll) + X(lz)

V2

= 411 (ZE [(Dzk(X)(X;lil))‘*] + 6E [(Dzk(X)(X]{lil))Z(X;]iz))z]) ’

E [0, (X0 (X)) = B ‘ka(x)(

where we used that E [@2 k(X)XJ(.f‘)(XJ(.fZ))3] =E [@2‘, (X) (X;fl))3XJ(.f2)] = 0 in view of (ii). Therefore,

E @], () (X)X é (48 [0, Xa) (X0)§)*| = 2B [@;  (X)(X[)*])

(k+1)(k+3)

= b=

Let us now treat the case i1 # i and j; # jo. Let X* be the matrix obtained from X by multiplying rows
X resp. X@) by 1/]| X @I, resp. 1/||X®@)||c. Then, by independence, we infer
B |0  OIXWIRIXDIE] = B [0, X)X DIRIX ]
: . E D, . (X)
= E[o;, XH]E[IXDIF]E[IX®] = —[[”X(l i ] E[IXD1]" = et )k + 1) .
Expanding the product of the norms, we can write
E 0], ONXDIRIXPDIF] = kB @) ()X AKX | + k(h = DE @] (X)(X)2(X )]

= a(t, k)% + k(k = DE [@; (X)X I2(X )]

where we used the formula proved just before. Hence, we have that for every j; # jo,

a(t, k) (k+1)? = a(t k)

. . k+1)(k+3
B [0;, 0K )] = SAmbCAL) ))

1
k(k — 1)( k+2
(k+1)(k+2) = (k+3)

a(l, k)(k+1) Kk—D(k+2) )

which is the desired formula. The other cases do not contribute as one can mutliply a row or column by
-1.

We finally prove (v). First, note that if I ¢ S, then the expectation is zero. Indeed, we notice that if
I ¢ S, there is at least one row or column of X that contains only one element corresponding to one of
the four pairs of indices of /. Multiplying this row resp. column by —1 and using (A2) gives the desired
conclusion. Let us now assume I € S and denote E(I) := E [(D;,k(X)X;fI)XEZ)X}f)X;F)] 11 € S].
Since I € S, we can write

E(I) =E[®; (X)XVXWXPXE] iy 2ia, ji # .
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Let us again consider the matrix X, used in part (iv). From formula (iv) in the case i; = iy, it follows that

i ; k+1)(k+3
B [0, (X0) (X0 ) (X0 )] = a(é, k)% | (ILB.S)

On the other hand, we can write
) . 1 ) . ) )
% 2 2 %
B[, (X0) (X)) (X2))?] = 2B [0, OGN + X2 + X))
1 ) . ) )
_ * N2y (@12 * (AN2 v (2)2
=7 (2E [@Z,k(X)(le” (X () ]+28 [(D[’k(X)(le" (X)) | +4ED)) .

Notice that the terms of the form E [CD; k(X)(X;]i‘))ZX;.;‘) X}f) ] are zero, by (iii). Hence, combining
(I.B.5) and (I1.B.2) together with the results obtained in (iv), we obtain

3 (k+D(k+3) 1(+Dk+3) 1 (k+1D)(k+2)—(k+3)
ED) = ath) ( k(k +2) 2 k(k+2) Z(k +h k(k—1)(k+2) )
k+1
= _a(f’k)—k(k—l)(k+2)’
which proves the formula. o

The following proposition follows immediately from Lemma II.B.4 and extends the results derived in
[DNPR19, Lemma 3.3] (corresponding to (£, k) = (2,2) in our notation) to arbitrary integers 1 < £ < k.

Proposition I1.B.5. The following properties hold:
(1) forevery (i, j) € [£] X [k], we have

E @) ((X)Ha(X[")] = (ASE

Ck(k +2)
(ii) for every (i1, j1) # (i2, ) € [€] X [k], we have
E [ () Hy(XM)H (X 2)] =0,
(iii) for every (i1, j1) # (2, jo) # (i3, ja) € [£] X [K], we have
E |07, ) Ha (X)) Hi (X[ Hi (X[ | = 0,

(iv) forevery (i1, j1) # (i, j2) € [£] X [k], we have

E [0 ((X)Ha(X D) Hy(X ()] @(t, ) Liy=i,

1
Ck(k +2)

_k(k + 2)0(53 k)]lilqﬁiz]l]]:jz]lfzz

k+3

Y- D sy Gt Lisnlez

(V) for every collection I = {(i1, j1) # (i2, j2) # (i3, j3) # (i, j4) € [€] X [K]}, we have

k+1

————————a((,k)Lfeslyso,
k(k—l)(k+2)a( Mieslesz

4
B (@, X[ [ (x| =
a=1

where S = {{(i1, j1), (i1, j2), (i2, j1), (i2, j2) } i1 # @2, j1 # Jo}.
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Proof. These formulae follow when writing Hy(x) = x* — 6x% + 3, H3(x) = x> = 3x, Hy(x) = x> — 1 and
H|(x) = x and then combining the formulae for monomials proved in Lemma II.B.4 with Lemma II.A.5.
We include the proof of (i):

E [CDZ k(X)H4(x]€”)] =E [cD; k(X)(X;i))4] —6E [(D’g’ k(X)(X](.“)Z] +3E [@;’ k(X)]

(k+ 1)(k+3) 1 3
= _— — 1
3a(t, k) Kk 12) 6(k + )a(& k) +3a(t k) = TRt 2)a(€ k),
where we used (II1.3.49). The remaining formulae are proved in the same spirit. O

Appendix II.C  On the two-point correlation function

II.C.1 Covariances

Fix f € [3]. and i € [f]. The following lemma gives the joint distribution of the vector
(VT (2), VT?(0)) € R® conditioned on {T,E”( 2) =T20) = ui} foru; e Rand 0 # z € T°.

Lemma ILC.1. For every z € T3 such that ro(z) # =xl, the distribution of the vector
(VT,” (2), VT," (0)) € R® conditioned on {T," (z) = T,"(0) = u; } is Nﬁ(u(” Q,), where

Yy = gy = Vra(2)"
/'ln (z) = 1—+ (2 (_Vrn(Z)T) (II.C.1)
and
_ _ Ql,n(z) -QZ,n(Z)
Q, =Q,(z) = (Qz,n(Z)T Ql,n(Z)) (II.C.2)
where
— _En Vrn(2)Vrn(2)" .
Ql,n = Ql,n(Z) = ? Iz —W 5
rn(2) T
Qo n = n(2) = —Hess(rp(2)) + ————= Vra(2)Vr,(2)" ,
1- rn(Z)

with Hess(r,,(z)) denoting the Hessian matrix of r,(z).

Proof. We write 0, := 0/0,, and 0yp = 62/(9Za 0., for a,b = 0,1,2,3 with the convention gy = L
Computing the covariance E [aa T,g’) (2) - Op T,E’) (0)] and relating it to the covariance function r, given in
(I1.1.2), we obtain that the covariance matrix of the vector (VT,Ei)(z), VT,E“ (0), T,Ei)(z), T,Ei)(O)) € R8s

given by
5 )
B ¢,
where
An = An(2) = —HSSS/(i:Ez)) _H;s/(;’iiz»), B, =B (z):(_v:f(z)r Vr'(’,(TZ)T),
Co = Cu(2) = (rntm ’"fZ)) ,
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and' 0 = (000). Thus, the covariance matrix of (VT,ﬁi)(z), VT,Ei)(O)) conditioned on
{137(2) = T,"(0) = u;} is given by Q, = Q,(2) = A, — B,C;;' BY, which yields the matrix in (ILC.2)
after a standard computation. Its mean is given by

T
N PN e A L Vra(2)
Hn Hn'(2) nbn (ul) 1+7(2) —Vrn(Z)T .

II.C.2 Two-point correlation function

For ¢ € [3], we fix u© := (uy,...,ur) € RC. The two-point correlation function associated with the
random field T,(f) is given by

KO, yu?) :=E [@;,3(jach> ()7 5 (jacyo (M) TO(x) =T (y) = u(f)]
X0 10 @), (LC3)
where P x T(”(y))("') denotes the density function of the vector (Tff)(x), Tgf) (y)) € R2¢ and

®; 4(A) = \det(AAT) for A € Mys(R). The function K is defined whenever the distribution
of (Tif)(x), Tf) (y)) is non-degenerate, that is, whenever r,(x — y) # 1.

The following lemma gives an upper bound for K@ (z,0;u'©) for z € T? in terms of the covariance
function r, and the norm of its gradient.

Lemma II.C.2. For every z € T3 such that r,(z) # =1, we have

it e (BTN (Ea LIV WO 19 I
(1=ra(2)) (3)"( 3 ) ( 3 31-m@? 3 +rn(z))2)
= q®0,1u]). (ILC.4)

KO (z,0;u'®)

IA

Proof. By independence, the density factorizes as follows

4
[4 4
p(Tz”(sz;”(on(”( L) = HP(T,E"><z>,T,5”<0))(”"’ ui) »

i=1
and moreover satisfies

l
—£/2
PO 2),18 0y (u([),u({))) < l—[p(Tr(li}(Z),Ty(,i)(O))(O’ 0) < (1- rn(z)z) 2 (II.C.5)

i=1

We now deal with the conditional expectation in (II.C.3). First, by the Cauchy-Schwarz inequality, we
have

E [@;’3(jaCT%)(Z))CI);ﬁ(jaCT%) ONIT(2) = T (0) = u'®]
. . 1/2 . 12
< B[®;acyo (I T, (@) = T,00) = u0] - B[] s Gacqo (001 T, (2) = T,7(0) = @] 77
By symmetry, we conclude that the two expectations above coincide, yielding

E [@2‘,’3(jacTEp(z))d>23(jacTEf) ONIT (2) = T (0) = u'®]
< B[} 5Gacyn ()’ Ty (2) = T, (0) = u'¥] = B [0 ;X (z,u))?], (ILC.6)
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where X(z,u©®) = {X;i)(z,u(f)) . (i, j) € [€] x [3]} € Mx3(R) is a random matrix having the same

distribution as jac«) (z) conditionally on {Tﬁf)(z) = Tff)(O) = u(f)}. Now, the Cauchy Binet formula
(I.B.2) yields
O (X(zu)? = Y det (X(zu®);, )7,

Ji<e<je€l3]

where, as previously, X (z, u'?) i1,....jc 18 the matrix obtained from X (z, u'©) by only keeping the columns
labeled jy, ..., je. By definition of the determinant, we have

Jor (i)

4
det (X(z,u);, i) = > s ]| [ XD @u®),
i=1

O’Eef

where £(o) denotes the signature of the permutation o € S,. Then, developing the square, taking
expectations and using independence,

B0 ;(X(zu?] = Y E[det(X(zu®);, ;)]
J1<...<je€l3]

€ 4
(@) )y . 0 ©)
1—[ Xj(r(i) (zu™) l_l on"(l) (2 u )l
Ji1<...<je€l3] o,07€C, i=1 =1

Z Z s(a)e(o”)ﬁE[X](.i)(i>(z,u(€))-X(.i) (z,u“))]. (IL.C.7)

e(o)e(cHE

Jo' (i)
J1<...<je€l3l 0,0’ €S, i=1

For notational ease, we write

E), =El (zu?) =E[X{@u)X @u)], ieltlabed].

Exploiting once more the independence of the fields T,El), R T,Ef), we have that
E), =E[0.1 @8 " @I T (2) = T,)©0) = u®] = E[0.1" Q& T,  (IT" (2) = T,7(0) = w] .

Writing formula (II.C.7) for € = 1, 2, 3 gives the respective relations

B[], (X(zu")?| = > E), (ILC.8)

ac€l3]

* @W2] = 1 g@ () @)
E [®2’3(X(Z’u ) ] - Z {EZ,aaEZ,bb _E2,abE2,ab} ILC.9)
a#be(3]
and

* G2 = N p@ G

E[0),X(zu))?] = > (EiaaElbbEicc (ILC.10)

atb#c#ac€[3]

N g2 G 1N @) G 1) g2 gG) 1) g2 g6
- (E3,CCE3,abE3,ab + E3,abE3,ccE3,ab + ES,abE3,abE3,cc) + 2E3,abE3,bcE3,ac) :

We will now provide an explicit expression for the formulae on the right hand side of (II.C.8), (II.C.9)
and (IL.C.10). For z = (z1, 22, z3) € T° and (a, b) € [3] x [3], we use the shorthand notations

2

Oarn(2) = irn(z) 5 Oaprn(2) = r(2)

0Za 024,07p
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d
. _ (2) = 0uarn(2) - Oprn(2) . _ (z) = 0a7n(2) - Oprn(2)
Pab = Pn,ab(Z) ‘= 1= rn(Z)2 5 Mab = Hn,ab\Z) = 0+ rn(z))z .

Note that
0% = PaaPbb s Moy = Haallbb s  Paallbb = PabMab - (ILC.11)

From Lemma I1.C.1, it follows that for every i € [{] and (a, b) € [3] X [3],

, : , > E
E) = Var[X{ zuD)]| + B [XP (@u)] = ?" — Paa + U taa (ILC.12)
and for a # b,
E, = Cov[Xxu®). X" (zuD)] +E[XP @ uD)] E[X (z.u)]

~Pab + U2 Uap - (I1.C.13)

Then, it is immediate that
Elo" (x(zuP»2]= S ED = Ex 2
[ 1,3( (z,u ))]— Z Laa — Z ?_paa+u1ﬂaa .
a€(3] a€[3]

Similarly, using (I.C.12) and (II.C.13) in (II.C.9) and (I.C.10) and exploiting the identities in (II.C.11)
yields after simplifications

E [(D;,3(X(Z, u(2)))2]

E E
Z {(?n — Paa t+ u%,uaa) (_n — Pbb T u%ﬂbb) - (_pab + u%ﬂab) (_pab + u%ﬂab)}
a#be[3]

3
2
E E E E
= Z - -= (Paa + pbb) + _n”%,uaa + _n”%/lbb .
3 3 3 3
a#be[3]
and
3 2
* E E
E [(D3,3(X(Z’ M(S)))Z] = Z ((?n) - (?n) (paa + pbb + pcc)

a#b#c#+ac€[3]

2 2 2
E E E
+ (?n) u%ﬂaa + (?n) l't%,ubb + (?n) M%ﬂcc)
respectively. Then, we note that for every ¢ € [3], writing
Ap:={i' = (ir,....ip) € 31 tiq #ip,Ya # b €[]},

the following identities hold

D, 1 = card(A) = ()

i© EA[;

(3)e 1Vra(2)*|l
Z (Piyiy + -+ Pigip) = € Z Py = (-

3 1-r,(2)?
iOeA, i©eA, n(2)

Z (u%/,tilil+...+u§yim) = M%[ Z /~1i|i|]+-'~+l"%|: Z Higip

iOen, iOen, iOen,
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»(3)e IIVr(DII?
3 (1+rp(2)?°

2 2
= i) Y i = ]

iOen,

Using these identities, (IL.C.8), (I1.C.9) and (II.C.10) finally reduce to

Eq\’ LB IVra@IP | (En ! 3)e 1IVra(2)I?
©y)2] = _ 012
B|ons(Xu)y] = (3”( 3 ) ( 3 ) 3 1 - ry(z)? +( 3 ) 3 (1 +74(2))2

3 E Y E,  ClVra(I? O IV (2)I?
_(3)"(?) (7_51—rn(z)2 T30 +rn(z))2)' (ILC.14)

Plugging the bounds obtained in (II.C.5) and (II.C.2) into (II.C.3) yields the desired upper bound for the
two-point correlation function in (I1.C.4). O

E,

Lemma II.C.3. For every fixed (x,y) € T3 x T3 such that r,(x —y) # =1, the function u'® :=
(uy,...,up) > K(‘))(x,y; u©)Y is continuous.

Proof. Denoting by ¥ = X(x — y) the covariance matrix of the vector (T,Ei)(x), T,(,i)(y)) fori € [£], the
Gaussian density is given by

¢ ¢
1 1
@& L, _ Ts-1
Do) i)y (@, 0ty = CXP{——(W,M;‘) )y (Mi,ui)}
00,10 ) (271 T ()2 —rn(x—y)2) [ 2

i=1

1 g u?
T ——
2n 1 =rp(x=y)?) i 21+ rp(x = y))

which is a continuous function of u‘©). We will now argue that the conditional expectation appearing in
(I1.C.3) is a continuous function of #©). It can be rewritten as

B [@] 5 (acye ()0 5Gacyo ON T (x) = Ty () = u” ] = B [@; 5(X (x,u)®; 1 (X (3,u?))],

where, for every x € T3, the random ¢ x 3 matrix X (x,u®)) = {X](.i)(x,u(f)) (i, j) € [€] x [3]} has
the same distribution as jac.«) (x) conditionally on {Tﬁf)(x) = Tﬁf) (y) = u({)}. From Lemma II.C.1, it
follows that the mean in (II.C.1) depends linearly on u©). In view of the definition of ®;, 5, and the

structure of the covariance function in (II.C.2), we conclude that the above expected value is also a
continuous function of 1), showing that K© (x, y;u'©) is a continuous function with variable »©. O

II.C.3 Taylor expansions

We compute an expansion of ¢©(z, 0; [|u©]]) in (I1.C.4) around z = 0. In order to do so, we start by
deriving the Taylor expansions of r, and its first-order partial derivatives near z = 0. For n € S3, let

1
Y, = A4 k=1,23. I1.C.15
"= AEZA“,[ ( )

and set ¢,, := E,,;/3. Note that ¥,, < 1 since Ai < n.
Lemma ILC.4. For z = (21,22, 23) € T2 and every k € [3], the following Taylor expansions hold near

z=0:

E B2 2 E2/1 1
() = 1—F"||z||2+2—Z‘PnZz?+7”(g—5%) D, Gy +RY
Jj=1 i<je[3]
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e
= 1- 7”|Iz||2 +1,(2) + RY (ILC.16)
E E2 < E2/1 1
Okrn(z) = —?nZk + ?"‘I’n Z z; + 7"(8 - Elyn) Z zjz2 + R
Jj=1 i#j€[3]
= —enzk + uni(2) + R, (IL.C.17)

where Rf,o) = E20(||z||6) and R,(lk) = EfLO(IIleS), and the constants involved in the ’big-O’ notation are
independent of n.

Proof. These expansions follow from direct computations of partial derivatives. Note that all derivatives
of odd (resp. even) order of r, (resp. r,) vanish in view of the fact that, by symmetry, 3’ ,ca,, /l;.’ is
zero whenever « is odd. Also, we note that

1 2.0 1
AsAs = = —

2 a’”"b

nN"/IEZAn 6

¥

N —

fora # b € [3], where ¥, is as in (ILC.15). The remainders are of the form R = 0(]|0% 4l lIz|I®) and
R = 01167l lz]I°), where

6, ._
0°rp:= sup  0i,. .iTn
il,...,i6€[3]

and 0;,,.__i,r»(z) denotes partial derivatives of r,, of cumulative order equal to 6. Observe that for every
z€T3,

(27)° B
00 < == D AT
Nu AeA,
where a, B, y are non-negative even integers such that @ + g +y = 6. Therefore, we can write A{ /l'g /lg =
/lﬁ/li/lg fora, b, c € {1, 2,3} not necessarily distinct. Then it follows that /l%,/li/l% < A8/3+ /12/3 +28/3,
so that

(2m)° (27)°
[0°ra@)] < 5= DL A s T )L T+ 5+ 43 = '’ < B
T deA, T deAn

which concludes the proof. O

The following result contains the expansion around zero of q([) (z,0; |u©]). In particular, we remark
a singularity in the coefficient of || z|| ~Cin the case ¢ = 3, which is consistent with the fact that the mapping
z - ||z]|73 is not integrable on T3,

Lemma II.C.5. For{ € [3], as ||z]] = 0, we have

4 _ _
g9z 0 1t = B)e (1 - §)e£/2||z|| Ca @) (1+16O1%) EEZ o117, (ILC.18)

where the constants involved in the ’big-O’ notation are independent of n.

Proof. From the expansion in (II.C.16) we obtain that

1 - ru(z)?

(1= ru(@) (1 +ra(2))
(%"nzn2 (2 + E,30<||z||6>) (2= 02l + 1a2) + E3;0<||z||6))

enllzll* - [(%")ann‘* + 2rn<z)] + E20(||z]1%)
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= eullzll® = fu(2) + E20(|I12]%), (I1.C.19)

and

(1+r,(2))?

€n 2
(2 = Lz + 102 + E20<||z||6>)

e
4 —2epllzlI* + [(f)zuzn“ + 4rn<z>] + E;0(Iz]1%)

= 4 =2e,llzlI* + ha(2) + E2O(I2I%), (I1.C.20)

where t,,(z) is as in (II.C.16). Note that since ¥,, < 1, we have ¢,,(z) = EﬁO(llzll“) where the constant in
the big-O notation is independent of n. Therefore, we have f,(z) := (en/2)%1zII* + 220 (2) = E,%O(||z||4)
and h,(2) = (e,/2)%1zI|I* + 4t,(z) = E2O0(||z||*). From (I1.C.17), we have

2
Orn(2)? = (—enzk + un i (2) + ExO(I21%))” = enz — 2enzittni () + E4O(l1211°)

so that summing over k = 1,2, 3 leads to

3
IVra(I? = exllzl® = 2en ) zkttn i (2) + EAO(I12I) =: epllzI> + ga(2) + EO(I2II) , (L.C21)
k=1

where g,(z) = E20(||z||4) and again the constant in the big-O notation does not depend on n. Hence we
obtain the expansions of the quotient

IVra @12 _ epllzll® + ga(2) + E4O(lIz])
1=r(2)?  enllzll? = ful(z) + E20(]12]|%)

1+ ¢;21zll %gn(2) + E20(1zI1)
€n

1 —e;lzlI"2 fu(2) + E20(]I2]|%)
_ 8n(2) 2 4 fn(2) 2 4
- (1 NETEERA )) (1 * ez T EnOUIl ))
8n(2) N fn(2)

- n
( e2zll2  enllzll?

Tt egrh(ZZH)Z * J|C|nz(||zz) + E;0(lzII*) = e + E;O(lIzI), (I1.C.22)

+ E,%0<||z||4>)

since e, 1zl %2gn(2) + 1zl 2 fn(z) = E2O(||z||*) and similar computations yield

Vra(2)I? n\?
<—|1| +rr(2|>|>‘z = (%) 1P + Efodtzn) aLe23)

Combining (I.C.22) and (II1.C.23), the expansion around zero of E [(D’Z, 1 (X(z, u(f)))z] is then obtained
from (II.C.2):

S VGNP WO 1V @)1
OO\W2 | _ £—1 _

B[00 (X ()] = Bre en = 3700 S+ g )
1O

4
-1 2 2
Beey ! (en = 3 (en + EROUIZIP)) + ———

2
{(%) ||z||2+E;‘,0<||z||“>}>

B)een ! (en (1 - g) + (1+ 1 1?) E,%0<||z||2>)
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= ) (1 - g) e+ ) (1+ 1u17) EST oIzl (IL.C.24)

Then, using 1 — 7,(2)? = e,|Iz]|1>(1 + E,O(]|z]|?)) gives

¢ OG0 1O = (1= () B [@ra(X (z.u©))?]
e PNl B [@r3(X (z,u?))?] (1 + E,0(1zI7)

{ _ _
3)e (1 - §)e£/2||z|| E4 By (1+ 1 O12) EZ 0121,

which has the desired form. O

The following lemma justifies the use of Kac-Rice formulae in a sufficiently small cube around the
origin, Q.

Lemma II.C.6. For every n € Ss, there exists a sufficiently small constant cy > 0 such that for every
(x,y) € T3 x T3 satisfying 0 < ||x — y|| < co/ VEn., we have r,(x —y) # 1.

Proof. We set z = x — y and perform a Taylor expansion of 1 — r,,(z)? around z = 0. From (IL.C.19), we
have

E, E,
1—rn(2)* = ?nzn2 +E20(|1zIIY) = 7||z||2(1 + E,0(||zI1»)) .

Thus, for every 0 < ||z|| < 1/ VE,, we obtain

e Bl _c
L@ = 51+ 0() = 51+ 0(D),

for some absolute constant C > 0, so that there exists a sufficiently small constant ¢y > 0 such that
1 —r,(2)? > 0 forevery 0 < ||z]| < co/ VEn. O

Appendix ILD Continuity of nodal volumes

In this section, we prove a more general version of the continuity theorem proved in Theorem 3 of [APP18].
Our version applies to vector-valued functions on the torus. For completeness, we give the arguments for
the d-dimensional torus T¢, d > 2. Recall that T¢ = R4/Z¢ ~ [0, 1]¢/., where ~ denotes the equivalence
relation given by (xy,...,xq) ~ (x],...,x)) if and only if x; — x] € Z forevery i = 1,...,d. Letus
introduce some notation.

Topology on T4, (see e.g. [Shal4]) Denote by 7y : [0, 119 - T4 the quotient map associated with
~. We endow the torus with the quotient topology, that is, the open (closed) subsets of T¢ are precisely
the subsets U c T such that nc‘ll (U) c [0,1]¢ are open (closed) in [0, 11¢ for the Euclidean topology.
Moreover, we equip the torus with the quotient metric given by

disty (g (x), tg(x")) = inf llx = x"+alla, xx"€[0,1]9,
a€z

where ||-||z denotes the standard Euclidean norm in R4. From now on, we will write x instead of 7, (x)

for a point on the torus. Since the equivalence relation ~ is defined coordinate-wise, we will implicitly

use the fact that the T¢ is a realisation of the cartesian product of d copies of T!.
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Banach space of continuous functions on T¢. For integers 1 < k < d, let E = C'(T¢, R¥) be the set
of C! real vector-valued functions on T¢. Then, for a compact space K ¢ T¢ (note that a compact subset
on the torus has the form 74(K) for some compact K c [0, 119),and F = (F, ..., F®) € E, we define
the norm

1Fll = max sup (1F0o1+ |a FOWI).

We will use the following version of the Implicit Function Theorem for Banach spaces (see e.g. [Edw94,
p-417]).

Lemma ILD.1 (Implicit Function Theorem for Banach spaces). Let X,Y,Z be Banach spaces and
f i X XY — Z be a function of class C!. Let (xo, yo) € X XY such that f(x9,y0) = 0 and
(dyxoye) = Y — Z is an isomorphism. Then there exist neighborhoods U(xy) C X of xo and
U(x0,y0) € X X Y of (x0, Yo) and a function g : U(xg) — Z of class C' such that

((x,y) € U(xo, y0), x € U(x0)) = (f(x,y) =0 < y=g(x)).
Here (dy f)(xy,y,) denotes the partial differential of f with respect to y € ¥ computed at (xo, yo).

Some notation. For F € E, let Zx(F) be the set of zeros of F lying in the compact K ¢ T, i.e.
Zkx(F) = {x € K: F(x) =0}. We denote by vol(Zk (F)) := Hy-x(Zk(F)) the (d — k)-dimensional
Hausdorff measure of Zg (F). As usual, we write jacy (x) € Myxq(R) to indicate the Jacobian matrix of F'
computed at x. We introduce the set Dy := {J C [d] : card(J) = k}, thatis, the set of all subsets of [d] that
have cardinality k. For J € Dy and x € T4, we denote x; := (x;: 1 € J) andpy(x) :=X;:=(x;:1¢J).
For x; as just defined, we write jacg . for the k X k Jacobian matrix obtained when differentiating with
respect to the variable x;. We say that F' is non-degenerate on K if jacy (xo) has full rank k& whenever
xo € Zr(K), that is, whenever there exists J = J(x¢) € Dy such that jacy X/ (xp) is invertible.

We first prove the following lemma, adapted from [APP18].

Lemma ILD.2. Let (F,),>1 C E and F € E be such that F, — F in the C' topology on K c T¢ as
n — oo. Then, for n sufficiently large and for every & > 0, we have that Zx (F,,) C Z;*(F), where

ZF(F) :={x € K : distg(x, Zx (F)) < &} .

Proof. We proceed by contradiction. Assume that there exists € > 0 such that Zg (F},) is not a subset
of ZI?(F ) for n big enough, i.e. such that for every N > 1, there exists n > N and x,, € Zg(F,) with
disty(xp, Zx (F)) > €. As (xp)n>ny C K and K is compact, we can extract a converging subsequence
(xn;)j>1; denote xo :=lim; x,,, € K and note that disty(xe, Zk (F)) > & by assumption. Then, using
the triangular inequality, we have forevery j > 1,

k
IF Gl = I1F (o) = Fuy (el < D 1O (o) = B ()
i=1
k . . k . .
< PO () = B (el + D IED () = Fi) (o))
= i=1
< k- |IF = Fy,llk + A - dista(xy,, Xo0) , (ILD.1)
where
k d d
- Z Z sup |9, F) ()] < k- max Z sup [ F\D () < k- (| Fy llg < o0,
-1 1=1 xeK =1,...k =1 xeK

because (Fy)n>1 C E. Letting j — oo in (ILD.1) leads to F(x«) = 0, since F,,; — F in the C! topology
on K and x,; — xe. Hence xo € Zg (F), but this contradicts the fact that disty (xeo, Zx (F)) 2 £ > 0. O
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We now prove the continuity result about nodal volumes. The strategy of our proof is inspired by the
proof in [APP18].

Theorem IL.D.3 (Continuity of the nodal volume). Let (F,,)n>1 C E and F € E be such that F is
non-degenerate on a compact K ¢ T¢ and F,, — F in the C' topology on K as n — co. Then, as n — o,

vol(Zk (E,)) — vol(Zk (F)) .

Proof. Denote by ¢ : E x TY — RF the evaluation map ¢(f,x) := f(x). Since F is non-degenerate,
for all xg € K such that ¢(F, xg) = 0, there exists Jy = Jo(xg) € Dy such that jac Foxs, (xp) is invertible,

that is, the linear map (d; ¢)(F,xy) : T* — R is an isomorphism. Therefore, by the Implicit Function

Theorem stated in Lemma II.D.1, there exist open neighborhoods U(F) C E of F, U((xp)y,) C Tk of
(x0), and U((X0)z,) C T4k of (X0) 1, as well as a function Xy : E X T4k — RX of class C' such that

(f € UF), xy, € U((x0)s0), £y € U((X0)gy)) = (¢(f. %) =0 = x4y = Xo(f, £s)). (ILD.2)

Now denote Wy = Wy(Jy) c T the set of points of x € T4 such that xj, € U((X0)s,) and %5, € U((X0),)-
Then, choosing f = F in (I1.D.2), we obtain that Zg (F) restricted to W is the (d — k)-dimensional
submanifold of T¢

Zk(F) N Wo = {x € Wo : xgy = Xo(F, &) = (X§V(F. 250, ... XV (F. 25,))}
parametrized by
20 = go(Jo) : T4 K 5 Tk RF | %5 > (R, Xo(F, %,)) . (ILD.3)
Exploiting the compactness of Zg (F') together with the Implicit Function Theorem, there is m > 1 such

that for every j € [m], there are x; € Zg (F), J; = Jj(x;) € Dy and W; = W;(J;) C T¢, such that

m
Zk(F) C U Wi
j=1

and moreover, for every j € [m], the Implicit Function Theorem ensures the existence of an implicit
function X; of class C ! that yields a local parametrization

g =g () T ST xRE %, o (%), X;(F, £5,))

of Zx (F) N W;. Hence, if T = {ji, ..., jr} C [m] forr < mand (Njer W; # 0, then

Tr(F) := Zg(F) N ( M Wj) (ILD.4)
JjeT

describes a (d — k)-dimensional surface whose volume is computed when integrating the corresponding

volume element y + \/det(jachjI (») jacgj1 () (see e.g. [HJ20, Section 10.4]). An application of the

chain rule gives

ol () = [ JderGact, 0jacg, G0 dy= [ i+ 3 ITXCE IR by,

ielk]
where the region of integration is Y7 = py, (Njer W]) The total volume of Zg (F') is then computed by

vol(Zk (F)) = Z (=)D yol(Tr (F)) . (ILD.5)
0+T Cc[m]
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Now we can find & > 0 small enough such that Zg#(F) C U;": , W; and in view of Lemma IL.D.2, it
follows that Zg (F;,) C U;”: , W; for n sufficiently large, so that

Zx(Fy) =) (Zx (F) 0 W)) .

Jj=1

Since for T = {ji,...,jr-} C [m], I'r(F,) as defined in (II.D.4) identifies with a (d — k)-dimensional
surface of volume vol(I'7 (F},)), the total nodal volume of F,, in K is given by

vol(Zk (F)) = > (=)™ vol(Tr(F)) -
0+T c[m]

Using Lipschitz continuity of x — V1 + x for x > 0, it follows that

[VOl(Zk (Fn)) = vol(Zk (F))|
|

< [ Divxfamig - Jre Y v @i
0+T Clm] Y YT i€k i€lk]

< / > 19X I = 19X P dy
0+T c[m] Y YT iclk]

Now, using the reversed triangular inequality |||u|| — [|[v||| < |lu — v|| yields

VXS (F 1R = 19X CF, )|

= IVX F )l = IVX O F )| - (19X o )k + IVX S (F, )1k

< VX (Fy) = VXS F )l - (VXS (F )l + 19X (F, ) 1k) -

In order to conclude, it suffices to show that the first factor converges to 0 uniformly on ¥ as n — oo.
Consider the equation

F(j\]]p )’Jl) = F()A)J]er](F’ ﬁJl)) = 0’ (IID6)

where, for the vector (3;,, yz,) it is implicitly understood that coordinates with indices in J; are located
in the corresponding position. Differentiating (I1.D.6) with respect to the coordinates y,, we obtain

jaCF’)’}Jl (y‘lla )’11) : Id—k +jaCF,jJ] (yAJp le) 'jaCle,}A;J] (F’ j\)‘ll) = Oa

where the zero in the right-hand side denotes the zero k X (d — k) matrix. Therefore, since jacy i, G yn)
is invertible,

. A~ . A -1 . A
jacy, 5, (F.95) = =ljacgy, Gnyi)1 ™ -jacg g, Gnsyn) - (ILD.7)

Since F,, converges to F in the C' topology, we have that, for n sufficiently large, (IL.D.7) holds true for
F,,. Writing out the i-th row for i € [k] of this relation, and using the fact that all the partial derivatives
of F,, converge uniformly to the corresponding partial derivatives of F (as F,, — F), we conclude that
||VX](]") (Fu, ¥1,) —VX}.? (F, 97,) Ik converges to zero uniformly on ¥ as n — oo, proving the statement. O
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Appendix ILE Singular and non-singular cubes

ILE.1 Definitions and ancillary results
II.LE.1.1 Singular and non-singular pairs of points and cubes

For every n € S3, we partition the torus into a disjoint union of cubes of length 1/M, where M = M,, > 1
is an integer proportional to VE,, as follows: Let Qg = [0, 1/M )3; then we consider the partition of T
obtained by translating Qg in the directions k/M, k € Z3. Denote by P (M) the partition of T° that is
obtained in this way. By construction, card(P(M)) = M 3, By linearity, we can decompose the random
variable Lﬁf) as

LY = Z LOw), tel3] (LE.1)
QeP(M)

where Lﬁf)(Q) denotes the nodal volume restricted to Q. From now on, we fix a small number 0 < 1 <
10710, In the forthcoming definition, we define singular pairs of points and cubes.

Definition ILE.1 (Singular pairs of points and cubes). A pair of points (x,y) € T3 x T? is called a
singular pair of points if one of the following inequalities is satisfied:

lrn(x = >n,  10irn(x =) >nNEW/3, 0jjra(x = y)| > nEn/3

for (i, j) € [3] x [3]. A pair of cubes (Q, Q") € P(M)? is called a singular pair of cubes if the product
Q X Q' contains a singular pair of points. We denote by S = S(M) c P (M)? the set of singular pairs of
cubes. A pair of cubes (Q, Q') € S€ is called non-singular. By construction, P(M)? = S U S¢.

For fixed Q € (M), let us furthermore denote by B¢ the union over all cubes Q” € P (M) such that
(Q,Q’) € 8. In particular, analogously as in Lemma 6.3 of [DNPR19], we have

Leb(Bg) = O(R,(6)), (ILE.2)
where R,,(6) = [13 ra(2)°dz. We write
Fap(x =) =B [T (x) - BTV (] . ab=01,23, ielll,

where, we recall that d, = (E,/3)~'/28, with the convention J, := I. Note that 70,0 = ry and that we
dropped the dependence on 7 in order to simplify notations. We need the following lemma: its proof is
based on differentiating the expression of r,, and the orthogonality relations for complex exponentials on
the full torus. We omit the details.

Lemma ILE.2. Foreverya,b € {0,1,2,3} and every integer m > 1,

/ Fap(2)*™ dz < / ra(2)*™ dz = R, (2m), (ILE.3)
3 T3

where the constant involved in the "<’ notation depends only on m.

ILLE.1.2 A diagram formula

The proofs to be presented in the forthcoming sections are based on the following diagram formula. Such
a formula is counterpart to Proposition 8.1 in [DNPR19], and is based on the Leonov-Shiryaev formulae
(see e.g. [PT11, Proposition 3.2.1]). We introduce some notation: For i € [£], write

(X570 X (P (), X570, XV () o= (TP (0. VI () . xe T (ILE.4)
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and consider families of non-negative integers
PO ={p":j=0123}, ¢V ={q":j=0123}

for which we write
. 3 _ 3
j=0 Jj=0

Form € {p(i), q(i)}, we also define the vector of R™0 X R x R™2 x R"3 given by

X3 () = (1X8" () s (X7 ) Dy [X57 () Do [ X5 (20 1oy )
where for an integer n > 1 and a real number N, we write [N],, := (N,...,N) € R".

Proposition ILE.3. Fori € [(], consider families of non-negative integers p¥ = {p(’) j=012, 3}
and ¢V = {q(’) j=01,2, 3} as above, as well as x,y € T>. Then,

t 3 £
= 10 () ()| - [ ]2
J =1

ﬂH @) X(l)(x)) H P (X(l)()’))]

i=1 j=0 i Jj=0
¢ Sp')
— @y — ©) (@) (@)
=[Tuse) = s Y [ 2 [(X L) @ (x0) (y)] ,
i=1 o ]—1
where the sum runs over all permutations o; of{l, . S(p(i))}.

IILE.2 Proof of Lemma I1.3.1

Proof of the almost sure convergence: In the case { = 3, one can argue similarly as in the proof of

Lemma 3.1 in [DNPR19]. We present the arguments for £ = 2. Since, T,(f) is of class C*, Sard’s
Theorem (see e.g. [Sar42]) implies that its set of critical values has almost surely zero Lebesgue measure.
Therefore, applying the Co-Area formula (see Proposition 1.1.11) to the functions f = Tﬁ,z) : T3 > R?
and g : R? - R, g(x1, x2) = (28) 2 [12, Lj—e e (x;) yields

LY = (28)7? / LP (T3, (uy, u2)) duyduy (ILE.6)
[-&,]?

where for B ¢ T3, we set L (B: (u1,u2)) = Hy {(TP) ™ ({(ur,u2)}) N B}. Now, as (u1,u2) = (0,0),
the shifted random field Tﬁlz) —(u1, uz) converges in the C! topology on T? to the random field Tﬁlz), which

is non-degenerate - as can be seen e.g. by checking the assumptions of Proposition 6.12 in [AW09] - so
that by the continuity of the nodal volume proved in Theorem II.D.3,

lim  H {(T} =1, 1) (0,01 = Hi {(TP) {0,000} = L (T%; (u1,02)) -

(u1,u2)—(0,0)

This proves the continuity of LELZ) (T3; (uy, u2)) at (uj,up) = (0,0). The almost sure convergence then
follows by letting € — 0 in (ILE.6).

Proof of the L*>(P)-convergence: We now prove that the convergence also takes place in L*(P). For
completeness, we include the three cases corresponding to £ = 1,2, 3 in our proof. We start by proving an
auxiliary result. Recall that Qg is the small cube around the origin of side length 1/M.
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Lemma ILE.4. The map (uy,...,ur) —» E [L,(f)(Qo; (uy, .. .,u[))Z] is continuous at (0, .. .,0).

Proof. Writing u® .= (uy, ..., up), we will prove that
lim  E[Ly(Qo:u")?] =E[L(Q0: (0,...,0)] . (ILE.7)
u®-(0,...,0)

By virtue of Lemma II.C.6 the random field (Tg)(x), Tff)( y)) is non-degenerate in Qg so that we may
use Kac-Rice formulae in the cube Qy. For £ = 1, 2, we write,

E Ly (Qo;u)?] = / KO, y;u®) dxdy,
QoxQo

where K© is as in (I.C.3), whereas for £ = 3, we write

B (L7 (Qo:u®)?] = B[L;7(Qo:u®) (L1 (Qo:u) = )| + E [ L (Qo:u)] .
and apply Theorem 1.1.12 to the respective summands, so that

E L5 (Qo;u®)’]

/ K@ (x, y;u®)dxdy + / E [q>;’3(jacT$> TP (x) = u®] - Py ) dlx
Q0xQo Qo

/ K(3)(x, y;u(3))dxdy + / E [Q)’E, 3(jacT<3> (x))] PO (x) (M(3)) dx,
QoxQo Qo ' " "

where the last line follows from the independence of Tf)(x) and jac;@ (x). Thus, the L.H.S of (ILE.7)
reduces to

lim E [Lgf)(Qo;u(f))z] = lim (/ KO (x,y;u©)dxdy
u©5(0....,0) u®-0,...0)\Jopx0p
+1-3 X / E |®; 5 (jac,o (x))] -pT<3>(x)(u(3))dx). (ILE.8)
QO n n

Let us deal with the additional term appearing in the case £ = 3: The Hadamard inequality (see e.g.
[RWH17]) and independence yield

3
B [0 yGacgo ()] < [ [E[IVT o] < B I i)™ = B2,
i=1

Moreover, the Gaussian probability density u® PO (4 (u®) satisfies

3
3 —
PT9>(X)(M(3)) = HPT,@(X)(W) < (Pr ) (0))” = 2m) 32

i=1

Therefore, applying dominated convergence yields,

: £ o . 3)
mm_l)l(r(l)}...,o)/QOE[®€’3(JaCT(’?)(X))] pTg>(x)(u e

- /Q E [ 5 (jacye ()| pyos ., (0,0,0) dx = B[ LY (Qo; (0,0,0))] .
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We now deal with the first summand in the R.H.S of (IL.E.8). By stationarity,

/ KO, y;u©ydxdy = / Leb(Qo N Qo — 2)K O (2,0;u'?)dz.
QoXQp Q0-Qo

Now, for every u®ina neighbourhood of (0, .. .,0), say lu©| < &, for some § > 0, in view of (I1.C.4),
we have KO (z,0;u®) < ¢O(z,0;|u@])) < ¢'©(z,0;6) for every z. Therefore, again by dominated
convergence, we infer

lim / KO (x,y;u©)dxdy = / lim KO, y;u®)dxdy
u®-(0,...,0) JQyxQp QoxQp 4 —(0....,0)

=E[LY(T%(0....,0)?],
where, in the last line we used the continuity result proved in Lemma I1.C.3. O

Now, for a domain B c T3, we set LE,[)(B) = Lﬁf)(B; (0, ...,0)) and for € > 0, we write L;{L(B) =
Lff‘)g(B; (0, ...,0)) for the e-approximation of Lff) (B) (recall Definition (I1.3.3)). We define the random
variable

AV (Bie,e) = LYL(B) - L), (B), neS; e>0 & >0. (IL.E.9)

Proving that Lﬁf‘)s converges to L%) in L?(P) as & — 0 is equivalent to showing that for every n € Ss,
the random variable Aﬁf)(T3; €, ') converges to zero in L>(P) as €, &’ — 0. We first show that the latter
convergence holds in the small cube Q¢ around the origin.

Lemma ILE.5. For every n € S3, one has that Aﬁf)(Qo; &¢e) > 0inL*(P)ase, e — 0.
Proof. We will show that, for every n € Sz, the sequence {L%;(Qo) e > O} converges in L*(P)
to Lﬁf)(Qo) as € — 0. This implies that {L,&fi(Qo) e > 0} is a Cauchy sequence in L*(P), and

therefore Aﬁf)(QO;a,g’) — 0 in L3(P) as &,&’ — 0. Since almost sure convergence together with
convergence of norms implies convergence in L?(P) (see e.g. [Rud87, p.73]), it suffices to show that
E [L%‘)S(QO)Z] —E [Lﬁf)(Qo)z] as € — 0. We start by proving that Lffé(Qo) € L*(P) for every € > O:

Using the definition of Lﬁf‘)g(Qo) and the Hadamard inequality, we have

LE)(Qo)

IA

¢
&)™ / @} y(Jacyo (1)) dx < (28)7 / [ [Iv7 (ol
Qo " o

0 =1
14
o [ [Tivr wllar,
i=1

and hence, using Jensen’s inequality,

IA

E [Lif2(Q0)*] < 26) B

4
[Tz cor ax
izl

In order to prove that L,(f) (Qo) is in L?(P), we use Kac-Rice formulae for second moments and proceed
as in the proof of Lemma II.E.4: For ¢ = 3, we write

E[L(00)?] = E[LY Qo) (LY Qo) - D] + E[LP(Q0)].

¢ 2
( /T 3 EIHVT,E")(x)ndx) }

< 2e)XE = (25)—25/ E [||VT,§1)(x)||2][ dx = (26) 2 El < +co.
T3
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and apply Kac-Rice formula for moments and use stationarity, to write

E[Ly(Q0)] = /Q . K (x,y;(0,...,00) dxdy + E [L (Q0)] L=
3/2

E
< Leb(Qp) K©(z,0:(0,...,0) dz + —=1,-3, (ILE.10)
200 M

where the last line follows from the fact that E [ L} (Q0)] = Leb(Q0)E [L}”| < M~2E,?. From (IL.C.4)
and the Taylor expansion in Lemma II.C.5, we can upper bound (II.E.10) by

| “ 32
. n
< /Qo g (z,0;0) dz + S7a 1,3

M3 J
1/M 3/2
< i// @y f1-L et/ 270+ (3 (1+ 1uO12) 214 | dr + =2 Ty
M3 0 3/ " n M3
< ELe=t + Ep gy + 13, (ILE.11)

This proves that Lﬁf)(Qo) is an element of L2(P). In order to show that the convergence holds in L%(P),
we will prove the inequalities

E[LY(Q0)?] < lim E [L{2(00)] < E[L(Q0)?].
£—0 ’
For the first inequality, we use the almost sure convergence proved above and Fatou’s Lemma to write

E (LY (Q0)*] =E

lim inf L;Q(QO)Z] < liminf E [L{{2(Q0)*] = lim E [L{}.(00)?] .
&-0 ’ -0 ’ &e—0 ’
The second inequality is proved as follows: Applying the Co-Area formula (see Proposition 1.1.11) and

then the Cauchy-Schwarz inequality

B (L0007 = 2oy | B [L000:u®) - L (00 v®)] du O av®

[~&,&l¢x[-&,&]¢

_ 1/2
<o [ L 2] a)
[~&,£1”

2
where u© = (uy,...,up) and v\ = (vy,...,vp). By Lemma I1.E.4, the map u® g [Lﬁf) (T3 u([))z]

is continuous at (0, . . ., 0), so that letting £ — 0 yields the desired inequality. O

Taking advantage of the partition of the torus introduced in Section IL.LE.1.1, we decompose

E[AY(Tee)] = > B[ADQ86)A0 Q88N
(Q,0)eP(M)?

{ + }E [A(Q:6,6)A1) Q58,67 | =: 81 (e.6") + 55 (e.6)
(Q,0)eS  (Q,Q)eS¢

and control each term separately. This is the content of the next two lemmas.

Lemma ILE.6. For every n € S3, one has that |Sr(fl)(s, g))—>0aseg e — 0.
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Proof. Using the triangular inequality and then the Cauchy-Schwarz inequality, we can write

Y E[ALQie e E[AL Q5 6] = card(S) - E[AL (Qu: e8] .
(Q.0")eS
(IL.LE.12)

where we used translation-invariance of Tﬁf) in order to reduce the arguments over the cube Qg. Now,
thanks to (II.E.2) and the fact that we are summing over pairs of cubes yields card(S) = M 6. Leb(Bp) =
O(E,%?%n (6)). By Lemmall.E.5,E [Aﬁf) (Qo; &, s’)z] converges to 0 as €, &’ — 0, which yields the desired
conclusion. O

Lemma ILE.7. For every n € S3, one has that |S([)(s, g = 0ase e — 0.

Proof. Adopting the same notation as in Section ILE.3, we write p for multi-indices of the form
{ @ 1 (1, )) €[] x{0,1,2, 3}} and set S(p) = Zf:1 Z;:o pj(.‘). The Wiener-chaos decomposition of

A;Z)(Q, g,&’) in (IL.LE.9) is obtained from that of Lg) in (II.3.5) by replacing T? with Q and the coeffi-
cients ﬁp(l) e ﬁp(f) with
0 0

¢ ¢
’ .—— A _ ) ’
Oph  p0(&:€7) 1= 1_1[ B (&) 1_1[ B (&),
i= i=

where the coefficients §;(¢) are as in (I1.A.2). Moreover, using the notation in (IL.LE.4) and writing

£ 3
PP} =0 e iy e tax Bl} = o {p @ etax - [ || |70 aLEa3)

i=1 j=1

for the Fourier-Hermite coefficients of the function @% ,, we infer that

£,3°
’ ) @) ’ &) f @)
|59 < ( ) N % <1(>1).., g“(“;‘g) 7 {py }() S, “(>1).. <f><((9;)8> 7 {a; }()
n. - 3 i [ 3 i
220 p.a Loopg U T T2 Pt gt vap 't T T2, 4!
X HS(p):Zqﬂsw:zq W (p,q)|
E l
=: (—n) x B (g, &),
3
where

& 3
I_H_IH o (X (0) H, ()(X()(y)) dxdy. (ILE.14)

p;
i=1 j=0

W(p,q) = / /

(Q.Q")eS¢

Applying Proposition ILE.3, using that 1, < 1 and the fact that S(pV)!--- S(pO)! < (SPM) +... +
S(pO))! = S(p)! = (2¢)!, we see that W (p, q) is a sum of at most (2¢)! terms of the type

/ / ra, b; (x —y) dxdy (ILE.15)
(0,0")eS¢ ’

for some ay, by, . . ., azg, byg € {0,1,2,3}. Now, using the fact that for every (x,y) € @ x Q' € 8¢ and
every a,b € {0,1,2,3}, we have |F, p(x,y)| <1, we infer that |[W(p, q)| < (2¢)! X n%4. Using

D29 - 1IS(p) = 2¢11[S(q) = 2q]<Z\/S<p)'\/S<q>'

q>0 p,q
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we obtain

’ ) [ @)
S, pe (&8 y; {pj }

m \/_S(p)+S(q)

< Z
- ) ©) 30
1 opgteopgt TIL njljl!
o w(eée) y(f){ (z)}
| 4o >0 3 ;o S@rs@
(1)1 (f)' H H3 (l)' S( ) \/_
q4o ! qp ! g v
[ : © f N2
0 W <r>(8,8’) (i
< - ) : 5! NRORION

0 ©) 3 () Q)
0 T TEL P T T !
(ILE.16)

where the last inequality follows from an application of the Cauchy-Schwarz inequality to the symmetric
measure (p, q) — \/ﬁS P®)+S(@  We now argue that IB,(f)(g, g")| — 0as g, &’ — 0. First, the estimate (see
e.g. [AS92, formula 22.14.16])),

j!

1Bj(e)l <y (
implies that
|6pé1),...,p(()[) (e, 8/)| <2 |ﬂp(()1) .. .ﬂp(()/?)|

so that we can apply dominated convergence and use the fact that 6p<1> PO (g,') > 0asg e’ > 0in
AR

view of (II.A.3). We will now prove that the remaining series over p, q is finite. We note that (i) for every
p. the quantity

GYMON
iy s i)

1 4 )
p( )! ( )' H Hizlp]('l)!

is bounded, and (ii) using the multinomial theorem

S(p)! _ Sm m® _ S(p)
Hf l—[3 (i)y < Z H H3 m(l)‘ l_[ (45) v
i=t Hj=0Pj " e (m'): j=0 =1J

S(m)= s (p)

Plugging (i) and (ii) into (IL.E.16) and using the fact that 4¢ /7 < 1, gives

B (8,81 < D (40S® \E®PS@ < too,

This finishes the proof. O

ILLE.3 Proofs of Lemma I1.3.6 and Lemma I1.3.7
Proof of Lemma 11.3.6. Arguing as in (IL.E.12), we have

[Sut] < card(S) - Var[proje, (L;”(Q0))| < ExRa(6) - Var[proje, (Li (Qo)].  (LE.17)
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where Qy is the cube around the origin. Now we notice that
Var [projg, (LY (Q0))] < Var[L{(Q0)] < E L (Q0)?] .
Using Kac-Rice formulae and reasoning as in (IL.LE.10) and (IL.LE.11), we obtain that
E [L,(f)(Qo)z] < E Loy + Ep'Les + Loy
Combining this with the estimate in (I.E.17), yields the desired conclusion. O

Proof of Lemma 11.3.7. Using the fact that proje, (Lff)(Q)) is centred and the triangular inequality, we
first write

5Ol < > B [proie, (1i”(@)) - proje, (L7 @))]
(Q,0)eSc

For a family of non-negative integers p := { @ 1 (i, )) €[] x{0,1,2, 3}} we write S(p) :=

Zle 2320 pj(.i). Adopting the notation introduced in (IL.E.4), it follows from the chaotic expansion
in Proposition I1.3.2 that,

4 £ ]
ﬁ (1) ﬁp(()f) ,yé ){ (l)} ﬁqél) .. ﬁqéf} ,yé ){q;l)}

5= (5) %3] 3

(1) ) 3 @y (1) ) 14 3 @)
a>pal|Py Pyt Hizl Hj:lpjl Pay 'teoqy ! ITioy Tlio qjl !
X Ls(py=2¢ Lsq)=2¢|W (P, @)1 , (ILE.18)

where y(f) {-}isasin (ILE.13) and W(p, q) as in (IL.E.14). Arguing as in the proof of Lemma IL.LE.7, we
see that W (p, q) is a sum of at most (2¢g)! terms of the type

/ / raj b;(x —y) dxdy

for some ay, by, . . ., azg, byg € {0,1,2,3}. Now, using the fact that for every (x,y) € 0 X Q' € 8¢ and
every a, b € {0, 1,2,3}, we have |7, (x, y)| < n, we deduce that

i <ps Y //,]—Hra,b(x y]dxdy < e [ ]_I|ra,b<z)|dz

(Q.0"eS¢

(Q.Q")eS¢

Then, by the Cauchy-Schwarz inequality, we have that |74, 5, (z)| < 1 for every z € T3. Since Fajb; €
L%(dz) for every j € [6], an application of the generalized Holder inequality yields

2q—6 : 6 1/6
wl < % H(/@ Fayy (2°d2)

Ru (6) S@+S (@ S®+S (@

N Y R (ILE.19)

< p¥C.R,(6) =

where we used Lemma IL.E.2 and the fact that S(p) = S(q) = 2¢. Then, arguing exactly as in (IL.E.16),
we write

(6) S@+S@ sm+s@ R, (6) S@+S(@ S@+S(@
IW(p.q)l < (29)! - ';] AT AT = :‘76 SSE!IVS@!NgT 2 N7,
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and obtain that

B2 o f, N2
)S(£)| ‘R, (6) Z (1) MRE { Pj } ) S(p)! N0
(l)y .. Dy )! Hi:l Hi‘:] p}i)! H n] oy J(l)!

Proceeding exactly as in the end of the proof of Lemma II.E.7, shows that the series over p, q converges,
which finishes the proof. O



Chapter 111

Matrix-Hermite polynomials, random
determinants and the geometry of
Gaussian fields

We study generalized Hermite polynomials with rectangular matrix arguments arising in multivariate
statistical analysis and the theory of zonal polynomials. We show that these are well-suited for expressing
the Wiener-Itd chaos expansion of functionals of the spectral measure associated with Gaussian matrices.
In particular, we obtain the Wiener chaos expansion of Gaussian determinants of the form det(XX7)!/?
and prove that, in the setting where the rows of X are i.i.d. centred Gaussian vectors with a given co-
variance matrix, its projection coefficients admit a geometric interpretation in terms of intrinsic volumes
of ellipsoids, thus extending the findings by Kabluchko and Zaporozhets ([ZK12]) to arbitrary chaotic
projection coefficients. Our proofs are based on a crucial relation between generalized Hermite polyno-
mials and generalized Laguerre polynomials. In a second part, we introduce the matrix analog of the
classical Mehler’s formula for the Ornstein-Uhlenbeck semigroup and prove that matrix-variate Hermite
polynomials are eigenfunctions of these operators. As a byproduct, we derive an orthogonality relation
for Hermite polynomials evaluated at correlated Gaussian matrices. We apply our results to vectors of
independent arithmetic random waves on the three-torus, proving in particular a CLT in the high-energy
regime for a generalized notion of total variation on the full torus.

Notation. For integers {,n > 1, we write [n] := {1,...,n} and R to indicate the £n-dimensional
vector space of £ X n matrices with entries in R with I,, denoting the identity matrix of dimension .
We write $,,(R) for the space of positive-definite matrices of dimension n. For X € R" we denote
by Vec(X) its vectorisation, that is the vector in R‘”* obtained from X by juxtaposing its columns and
etr (X) := "™, where tr(X) is the trace of X. We write y©" for the probability density function of
X € R®" with i.i.d. real standard Gaussian entries, given by

y O (X) = @r) " Petr (271 XXT) .

In this case, we write X ~ Ny, (0,1, ® I,,) and refer to it as the standard normal matrix distribution.
Here, ® denotes the usual Kronecker product of matrices. When £ = n = 1, we write y(:1) =: y for the
standard Gaussian density on R.

As usual, for numerical sequences {a, }, {b, }, we write a,, = O(b,,) or a,, < b, to indicate that there
exists an absolute constant C > 0 such that |a,| < C|b,| and a,, = o(b,,) to indicate that a,,/b,, — O as
n — oo,

98
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III.1 Introduction

In applications to stochastic geometry dealing with the asymptotic analysis of local geometric quantities
associated with Gaussian random fields on manifolds, one is often confronted with expressions involving
quantities of the type F (X ), where X is a rectangular Gaussian matrix and F is a certain spectral function,
depending on the spectral measure associated with the matrix XX7. For instance, as already discussed
in Chapter 11, if Z = {Z(x) : x € M} is a {-dimensional stationary Gaussian field on a manifold M of
dimension n (with 1 < € < n), the nodal volume of Z over a region R C M has typically the form (see
in particular the Area/Co-Area formula in Proposition I.1.11)

/R 50(Z (X)) F (J7 (x))vol y(dx),

where 6g indicates the Dirac mass at zero, Jz(x) stands for the Jacobian matrix of Z computed at x
and F(X) = +/det (XXT). We refer the reader for instance to [Wigl0, MPRW16, MRW20, NPR19]
for more works in this direction. While objects of this type are amenable to analysis by Wiener-1t6
chaos expansions (which involves in particular the decomposition of F'(Jz(x)) into Hermite polynomials
having the entries of Jz(x) as arguments, as discussed in Chapter II), it is to be expected that such a
technique will generate combinatorially untractable expressions for large values of the dimensions ¢ and
n. The aim of this chapter is to tackle directly such a difficulty by initiating a systematic study of chaotic
expansions for spectral random variables F'(X) as above by using matrix-variate Hermite polynomials,
that is, a collection of orthogonal polynomials with matrix entries which are indexed by partitions of
integers, obtained by orthogonalizing matrix monomials of the type tr([X X7 ]*) with respect to the law
of a Gaussian matrix. We will see that matrix-variate Hermite polynomials inherit the rich combinatorial
structure and actually can be defined in terms of zonal polynomials introduced in [Jam61], thus allowing
one to deduce explicit formulae in any dimension. We now describe the principal achievements of the
present chapter.

(a) In [Tha93] (see also the related work [Koc96]), the author studies Hermite expansions of functions
of the form F(x) = fo(||x||) P(x) onR", where fj is a function depending only on the norm || x|| and
P is a harmonic polynomial. In particular, in such a work, the author provides explicit formulae for
the projection coefficients associated with the Wiener-1t6 chaos expansion of functionals F' as above
in terms of Laguerre polynomials on the real line. In Theorem III1.3.2, we extend this framework by
studying matrix-Hermite expansions of radial functionals of the type F(X) = fo(XX") on matrix
spaces. Our results involve generalized Laguerre polynomials with matrix argument, thus yielding
a natural counterpart to the work by Thangavelu [Tha93] in higher dimensions.

(b) In[ZK12, Theorem 1.1], Kabluchko and Zaporozhets establish a formula for the expected value of
Gaussian determinants of the form F(X) = +/det(XX7) in terms of mixed volumes and intrinsic
volumes of ellipsoids associated with the covariance matrices of the underlying Gaussian vectors,
yielding in particular an expression for the projection of F onto the Gaussian Wiener chaos of
order zero associated with X. In Theorem III.3.5 and Theorem III.3.6 of the present chapter, we
substantially extend their framework by considering arbitrary projection coefficients of the form
E [F (X)H, ,Ef’") (X )] (where X is a Gaussian matrix of dimension ¢ X n) associated with such random
determinants. Our results can be formulated using integrations on the so-called Stiefel manifold (see
Theorem II1.3.5), which can subsequently be interpreted in terms of mixed and intrinsic volumes
(see Theorem II1.3.6).

(c) In Section III.3.3, we introduce a collection of operators on matrix spaces via a Mehler-type
formula, whose definition is amenable to that of the classical Ornstein-Uhlenbeck semigroup
on the Euclidean space R". In Theorem III.3.10, we characterize the action of the generalized
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Ornstein-Uhlenbeck operators on matrix-Hermite polynomials: it turns out that matrix-Hermite
polynomials are eigenfunctions of this semigroup, yielding a direct analog of the action of the
Ornstein-Uhlenbeck semigroup on classical Hermite polynomials on the real line (see Proposition
1.1.22). We subsequently use Theorem II1.3.10 in order to deduce an intrinsic orthogonality relation
between two matrix-Hermite polynomials evaluated in correlated Gaussian matrices. Such a result
extends the classical orthogonality relation for matrix-Hermite polynomials as well as the case
of Hermite polynomials on the real line. Conjecturally, the objects and techniques introduced
in Section III.3.3 generate a basis for a special Malliavin Calculus on matrix spaces via the
introduction of further operators, such as Malliavin derivatives, adjoints and generators of the
Ornstein-Uhlenbeck semigroup (see e.g. [Nua95, NP12a]).

(d) In Section III1.3.4, we apply our results to the study of the generalized total variation of multi-
dimensional Gaussian random fields, defined as the integral of the square root of the Gramian
determinant of its normalized Jacobian matrix. More specifically, we study the high-energy
behaviour of the generalized total variation of multiple independent Arithmetic Random Waves on
the three-torus. In particular, in Theorem II1.3.17 we establish its expected mean, an asymptotic
law for its variance and a Central Limit Theorem for the suitably normalized total variation. Our
arguments rely on the expansion in matrix-Hermite polynomials of the total variation, allowing us
to prove that its probabilistic fluctuations are entirely characterized by its projection on the second
Wiener chaos. Throughout this application, we also make use of variance expansions of radial
functionals by means of its projection coefficients (see Proposition II1.3.3). Our findings are to be
compared with Theorem 1 of Peccati and Rossi [PR18], where the authors prove a CLT for the
Leray measure of Arithmetic Random Waves on the two-torus.

The organization of chapter is as follows: In Section III.2, we present preliminary notions that will be used
in our proofs, notably on zonal polynomials and generalized Laguerre polynomials (Section II1.2.1), polar
matrix factorizations (Section II1.2.2) and tools from integral geometry such as mixed volumes, intrinsic
volumes of convex bodies and general facts about ellipsoids (Section II1.2.3). Our main contributions
are presented in Section III.3. Finally, the entire Section II1.4 is devoted to the proofs of our results. In
Appendix III.A and III.B, we present two proofs of technical results for completeness.

II1.2 Preliminaries

III.2.1 Zonal polynomials and generalized Laguerre polynomials

Zonal polynomials. Zonal polynomials with matrix argument were introduced in [Jam61], using group
representation theory, as certain homogeneous symmetric functions of the eigenvalues (also called the
latent roots) of the matrix. We give a brief overview of zonal polynomials and their properties; the reader
is referred for instance to the books by Mathai, Provost and Hayakawa [MPH95] and Chikuse [Chi03] for
a thorough introduction to zonal polynomials. Let us now fix integers £ > 1 and k > 0. We write « + k
to denote a partition k of k into no more than ¢ integer parts (note that such a notation does not involve
the integer ¢, whose role should be understood from the context), that is

k=(kt,....ke), k1>kp>...2ke>0, ki+...+ke=k.

For instance, if ¢ = 1, then x = (k) is the only partition of an integer k; if £ > 2, then x = (2)
and « = (1,1) are the only partitions of k = 2. Sometimes it is useful to represent the partition
K+ kas k= (I"2"...k"), to indicate that the integer j occurs with multiplicity v;; in particular
Vi +2va + ...+ kvg = k. With this notation, we have for instance (1,1) = (1?) + 2 and (1,2,3,3) =
(1'2'3%) 9.
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Let S € R be a symmetric matrix with eigenvalues si, ..., s,. For an integer k > 1, we denote
by Poli (S) the space of homogeneous polynomials of degree k in the £(£ + 1)/2 variables of S. For an
invertible matrix L € R, the transformation S — LSLT induces a representation 7 of GL,(R) into the
vector space GL(Polg (S)) of isomorphisms from Polg (S) to itself ([Chi03, Eq.(A.2.1)]):

7 :GL/(R) — GL(Polx(S)); L — n(L),

given by n(L)(P) := P(L7'S(L™HT). It can be shown that Pol; (S) can be decomposed as direct sum
([Chi03, p.297])

Poli(S) = @ Vi(S), I11.2.1)

Kk

where {V,(S) : « + k} are irreducible and m-invariant subspaces. Since tr(S)* is a homogeneous sym-
metric polynomial of degree k in the eigenvalues of S, it can accordingly be decomposed in the spaces
Vi (S) as follows ([MPH95, Eq.(4.3.38)]),

tr($)* = (s; + ... +sp)k = Z C,.(S), (111.2.2)
Kkrk

where C,(S) denotes the zonal polynomial associated with the partition « of k, that is, C,(S) is the
projection of tr(S)* onto the space V. (S). Applying (I11.2.2) with £ = 1 gives C)(s) = s*, so that
zonal polynomials can be interpreted as a generalization of classical monomials. In particular, evaluating
at s = 1 yields Cy)(1) = 1. Zonal polynomials satisfy a generalized binomial formula ([MPHO95,
Eq.(4.5.1)]),

Ce(S+1p) k\ Cs(S)
et ZZ( )m Kk k. (1I1.2.3)

s=0 o+s

This relation in particular defines the generalized binomial coefficients (";) Taking S = al, fora € Rin
(I11.2.3) yields

Ce ((a + 1) 1,) Co(aly)
Gy ;;;( ) Co(le)

so that, using the homogeneity property of zonal polynomials gives

(a+DF = ZZ ()

s=0 oF+s

In particular, using the usual binomial formula for real numbers on the left-hand side, one deduces a
relation linking classical and generalized binomial coefficients ((MPH95, Eq.(4.5.2)]):

(-2 ()

A table with generalized binomial coefficients up to order 5 can be found in [MPH95, Table 4.4.1].
For X € R®", zonal polynomials associated with partition x + k and matrix argument XX’ can be
decomposed as ((MPH95, Theorem 4.3.6])

Cxxy= 3 0" (0%, (II1.2.4)
(1122 kYK )k
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where
(X)) =t ([XXT1%), s>1 (I11.2.5)

and z,(jf,) are numerical constants. Writing ¢; := ;(X), the zonal polynomials associated with partitions
up to order 3 are given by (see e.g. [MPH95, Table 4.3.1])

Cay(xXx™) =1

1 2
Co(XXT) = 26 +20). Can(XX") = 20] - 1)
! 3
Coy(XX") = E(I? +61112 + 813),  Con(XXT) = g(t? + 11ty — 2t3)
1
Carn(XXT) = 26 = 3012+ 213).

In particular, since for every j € [k], ;(X)" is a homogeneous polynomial of degree 2jv; in the entries
of X, it follows from (I11.2.4) that C,(XXT) is a homogeneous polynomial of degree 2k in the entries of
X, that is,

{ n
cexxy= > &[] ]x. (I1.2.6)
lal=2k  i=1 j=1

where o = (a;j) € N7 js a multi-index such that |a| = Zle Z;‘zl @;j = 2k and zg, is a numerical
constant depending on « and «. Zonal polynomials evaluated at the identity matrix I, can be computed
to be ([Chi03, Eq.(A.2.7)])

>

p L L .
Ce(lp) = 22’<kz(f) [lig ki =2k 71+ 7)
« T,k +p—))!

2
where p = p(«) is the number of non-zero parts in «, and (a), stands for the generalized Pochammer
symbol ([Chi03, Eq.(A.2.4)])
¢ 1
(a), = 1—[ (a - ]—) , (@p=a(a+1l)---(a+n-1) (I1.2.7)
j=1 2
defined in terms of classical Pochammer symbols (a),. The product of two zonal polynomials associated
with partitions 7 I t and o I s respectively, is given by ([MPH95, Eq.(4.3.65)])

C:(SCr(S) = Z az »Ci(S), (11I1.2.8)
Krt+s
for some uniquely determined coefficients az .. A table for these coefficients is found in Table 4.3.2(a)
of [MPHO95]. Moreover, for positive-definite matrices S and 7, zonal polynomials enjoy the property
(IMPH95, Eq.(4.3.18)])

Co(SV2TSY%) = Co(ST) = C(TS) = Co(TV2STV?). (I11.2.9)

Generalized Laguerre polynomials. For a symmetric matrix S € R, the generalized Laguerre polyno-
mial of order y > —1 associated with a partition « of k and matrix variable § is defined as ((MPH95,
Eq.(4.6.5)])

k
Mgy = (+1 k) _ DY Co(S)
Ly (S)—(y+ . )KcK<m§ > ((r)(wt,;l)g ) (I1.2.10)

s=0 oFs
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The first Laguerre polynomials associated with partitions up to order three are listed in [MPHOS5,
Eq.(4.6.8)]. The generalized Laguerre polynomials define a class of orthogonal polynomials on $,(R)
with respect to the weight function etr (—R) det(R)?, that is, for every integers k, [ > 0 and every partitions
Kk + k,o + [, one has ((MPH95, Theorem 4.6.4])

/ LYR)LY (R)etr (~R) det(R)” v(dR)
PrR)

t+1 t+1
= ly=¢ - kK!IC(Ip)I¢ (7 + T) (7 + T) , (II1.2.11)
K

where v(dR) denotes the Lebesgue measure on P, (R), for a € R, I'y(a) denotes the multivariate Gamma
function defined by

l
Tp(a) := pfCDr4 ]—[ Ta-2"Y-1), ¢>1,

i=1

where I'(-) is the usual Gamma function. A useful formula that we will use at several occasions is the
following (see e.g. [MPHO95, Theorem 4.4.1])

/ etr (—AR) det(R)’_% C(RB)v(dR) = (1) L¢(t) det(A) ™' C,(BA™Y), (I11.2.12)
PeR)

where A € C™ is a complex symmetric matrix with positive real part, B € C is a complex symmetric
matrix and ¢ is such that R(z) > (£ —1)/2.

II1.2.2 Polar decomposition for matrices

Let 1 < ¢ < n be integers. For X = (X;;) € R we denote by dX := (dX;;) its associated differential
matrix. We endow the spaces RO and P, (R) with the measures

(dX) := ﬁ ﬁXm-j , v(dX) := l_[ dXij

i=1 j=1 1<i<j<t

respectively. Assuming that the rows of X are linearly independent, the polar decomposition of X is
uniquely given by (see for instance [Dow72])

X=R".U, R=XXT eP,(R), U=XX"H)""2xe0m,?), (111.2.13)

where R!/? denotes the positive square root of R, that is the unique matrix B such that B> = R. We
also define R™1/2 := (RY?)~1. The space O(n, ) in (I11.2.13) denotes the so-called Stiefel manifold of
matrices Y € R such that YYT = I, that is, Y has orthonormal rows. An element of O(n, ¢) is called
an ¢-frame in R", see for instance [Chi03, p.8]. The matrices R and U in (II1.2.13) are seen to be the
radial part and orientation of X, respectively and hence the decomposition X = R!/2U is a generalization
of the standard polar factorization for vectors (obtained for £ = 1).

Haar measure on the Stiefel manifold. The family of Stiefel manifolds O(n, ) contains as special cases

the n-shpere O(n, 1) = S"*~! and the orthogonal group O(n, n) = O(n). The space O(n, {) is the compact
manifold of dimension nf — € — £(£ — 1) /2 realized as the homogeneous space O(n)/O(n —¢). The Stiefel
manifold is endowed with a left and right-invariant Haar measure y, that is, for every P € O(n) and every
Q€ 0(0),

uUP) = p(U) = u(QU),
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for every U € O(n, ). Remark that our notation of u is independent of ¢ and n, and should be understood
from the context. We refer the reader for instance to [Chi03] or [Mui82] for details on the construction
of such a measure. The total volume of O(n, {) is given by ([Chi03, Eq.(1.4.8)])

2l ]2
v(n,€) := w(0O(n,t)) = / dU) = ————.
K o) a [e(n/2)
The normalized measure
1
adu) = u(dU) (111.2.14)
v(n,{)

hence defines a left and right invariant probability measure on O(n,{). We call it the Haar probability
measure on O(n,{).

II1.2.3 Intrinsic volumes, mixed volumes and ellipsoids

Intrinsic volumes and mixed volumes. We present two important notions from integral geometry: intrinsic
and mixed volumes. We mainly follow the book by Schneider and Weil [SWOS] for this part (see in
particular Section 14.2 therein). For an integer n > 1, we denote by K" the set of convex bodies in R”.
We write B,, for the unit ball in R” and vol,, for the n-dimensional volume measure in R”. For K € K"
and € > 0, we write

K? =K + B, = {x e R" : dist(x, K) < &}

for the parallel body of K at distance &. Steiner’s formula ((SWO0S, Eq.(14.5)]) asserts that its volume is
a polynomial of degree n in ¢,

n
vol,, (K?) = Z "k Vi (K), (I11.2.15)
j=0

where the coefficients {Vj(K ),j=0,.. .,n} denote the intrinsic volumes of K. We set V;(0) := 0. For
instance, when n = 2, V»(K) is the area, V{(K) is half the boundary length and Vy(K) is the Euler
characteristic of K. Moreover, for every n > 1, we have V,,(K) = vol,(K), that is, the n-th intrinsic

volume coincides with the n-dimensional volume measure. The intrinsic volumes of the unit ball B,, can
be computed to be ([SWO08, Eq.(14.8)])

n/2

n\ Kn bis
Vi) = (j)xn_,-’ T+ n2)
For aninteger 1 < j < n, we denote by G(n, j) the Grassmannian of j-dimensional linear subspaces of R”".
It carries a unique invariant Haar probability measure v, ;. One possible way to realize Grassmannians
is as the quotient space G(n, j) = O(n, j)/O(j), where two elements Uy, U, € O(n, j) are equivalent if
and only if there exists an orthogonal matrix Q € O(j) such that U; = QU>, see for instance [Chi(03,
p-8-9]. Intrinsic volumes admit a useful integral representation, known as Kubota’s formula ([SWO08,

Eq.(6.11)]),

Vj(K):(”,) fn / Vol (K|.Z) v, j(d2), (I11.2.16)
G(n.j)

J /] KjKn—j

where K|.Z stands for the image of the orthogonal projection of K onto .£ € G(n, j), and integration is
with respect to the Haar probability measure on G(n, j).
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Let m > 1 and consider m convex bodies K3, . .., K,, € K. Then, for real numbers A1,...,4,, > 0,
the n-dimensional volume of the Minkowski sum 4;K; + ... 4,,K,, is a homogeneous polynomial of
degree n in the variables Ay, ..., 4,, ((SWO08, Eq.(14.7)]),

m

Voly (L1 Ky + o AmK) = >0 V(Kipy o, Ki ) Ay, A

ins
ilyeemin=1

for uniquely determined symmetric coefficients V(K;,, ..., K;, ). These coefficients are called the mixed

volumes of the convex bodies K;,,...,K;, . This formula is a generalization of Steiner’s formula in

(II.2.15). Whenever we have mixed volumes involving only two distinct convex bodies K| and K,, we

use the short-hand notation

V(Ki,....,K1,Ka, ...,K2) = V(Ki[€], Ka[n = £]), € > 1. (II1.2.17)

£ times n—{ times

Intrinsic volumes of a convex body K € K" are related to mixed volume by the relation ([SWO0S,
Eq.(14.18)])
()

Vi(K) = VKL Baln = 1. j=1o..om, (II1.2.18)

n—j
where we used notation (I11.2.17).

General facts about ellipsoids. We will need some preliminaries about a particular type of convex bodies,
namely ellipsoids, see e.g. [ZK12]. Let ¥ € R™" be a non-singular symmetric matrix. We define the
ellipsoid &y = {x eR": xTx 7 1x < 1} of R" represented by the matrix X, obtained as an affinity of the

unit n-dimensional ball B,,, that is &y = {21/ 2yiye Bn}. In particular, its n-dimensional volume is
given by

vol,(Es) = k, det(2)"/. (111.2.19)

For any non-degenerate linear transformation represented by a matrix A € R™", the ellipsoid AEy =
{Ax : x € &} is represented by the matrix AT AT | that is

A8y ={x e R" 1 kT (AZAT) ' < 1} = E 54t

Let .Z € G(n,£) be a {-dimensional linear subspace in R" and denote by L € O(n, £) any matrix whose
rows form an orthonormal basis of .. Then, the image of the orthogonal projection of &y onto .Z,
written Ex|.Z, is an ellipsoid in R¢ that is represented by the matrix LELT € R, In particlar, it follows
from (II1.2.19) that its £-dimensional volume is vol,(Ex|.Z) = ke det(LELT)1/2.

II1.3 Main results

II1.3.1 Wiener-chaos expansion of matrix-variate functions

Hermite polynomials on the real line. Let m > 1 be an integer and X = (X,..., X,,) be a standard
m-dimensional Gaussian vector. For @ = (ay,...,a,) € N, we write a! := a1!---a,,! and |a| =
ay + ...+ a,, and define the multivariate Hermite polynomials associated with the vector (X1,..., X,)

as the tensor product of univariate Hermite polynomials, that is

m
HE™ (X1, Xn) o= | | Hay (X0),
=1
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where H,, denotes the Hermite polynomial of order a; on the real line. It is well-known that the
normalized Hermite polynomials {(k!)‘l/ ’Hy 1k > 0} form a complete orthonormal system of L?(y) :=
L*(R, y(z)dz). This implies that the collection of normalized multivariate Hermite polynomials

Himy = {(a)™?HZ" : € N} (IIL3.1)

form a complete orthonormal system of L*(y®™), where y®™ stands for the standard m-dimensional

Gaussian measure. In particular, every random variable F € L?(¢®") admits a unique decomposition

F = Z Z F(a)H®™, (I11.3.2)
k>0 la|=k
where
f(a/) = (a)”! / F(xp, oo Xp)HE™ (X1, . oy X)) @2 (dx1, . . . dxpm) (I11.3.3)

denotes the Fourier-Hermite coefficients of F associated with the multi-index «. For k > 0, we write
CX = Spang {HE" (X1..... Xm) : la] = k} (II13.4)

for the closed linear subspace of L?(P) generated by multivariate Hermite polynomials of cumulative
degree k. The space C,f( is the so-called k-th Wiener chaos associated with the vector X = (X1, ..., X;).
We have that C¥ = R. For F € L?(y®™), we denote by proj(F|CX) the projection of F onto CY, that is,
(1I1.3.2) can be rewritten as the L? (P)-converging series

F= Zproj(mc,f‘).
k>0

This decomposition is known as the Wiener-1t0 chaos expansion of F. We refer the reader to Section
I.1.2 of Chapter I for a concise introduction on this.

Matrix-variate Hermite polynomials. Matrix-variate Hermite polynomials on the matrix space R‘*" are
introduced in [Chi92] and admit an expansion in zonal polynomials. More specifically, the matrix-variate
Hermite polynomials associated with the partition « + k of an integer k > 0, written H,Ef’n), is given by
([Chi92, Eq. (4.11)]):

k K T
HED(X) = kG Y Y Y o7 Lt (IL.3.5)

Lild La (=) (k= 5)! 51 (3o Co ()’

where the coefficients az , are defined by the relation (II.2.8) and (£/2), denotes the generalized
Pochammer symbol, formally defined in (II1.2.7). Zonal polynomials being generalizations of monomials,
the expansion in (II1.3.5) is to be compared to the classical expansion of univariate Hermite polynomials

in the basis of monomials (see e.g. [NP12a, p.19])

Lk/2]

B =D o
Hk(x)_zn!(k—Zn)!Z"x '

n=0

Alternatively, H'"“™ are defined by Rodrigues formula ([Chi92, Eq.(4.9)])

-1
D0y (0 = 474(5) Ce@xaxT)y @ (x), (IIL.3.6)
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where, for X = (X;;) € R&" | the differential matrix dX is given by X = (%) We note that (I11.3.6)
is a generalization of the classical well-known Rodrigues formula for univariate Hermite polynomials (see
1.1.17))

dk
Hi(x)y(x) = (—l)kﬁy(x), k> 0. (I11.3.7)

Matrix-variate Hermite polynomials are linked to the generalized matrix-variate Laguerre polynomials by
the relation ([Chi92, Eq. (5.16)] and [Hay69, Eq. (10)])
(=51 Ty _ gm (3 ,_ (n)”"
Y+ Ly (XX") =H: 7 (V2X), ve:=(=-2) 5) - Fk. (111.3.8)
K
A proof of this fact is presented in Appendix III.B. Moreover, matrix-variate Hermite polynomials are
orthonormal on R“" with respect to the matrix-normal density function y(“™) that is for every integers
k,l > 0 and every partitions « + k, o + [ (see e.g. [Hay69, Corollary 3]),

-1
/ HE (XY HED (X)y EM (XY (dX) = T yeyy - 47 (g) KIC (1)), (IT1.3.9)
RExn K
Let now X ~ Ngxn (0,1, ®1,,) and write sy, . . ., s¢ for the eigenvalues of X X T The spectral measure of

X XT associated with the matrix X is the measure
14
px(ds) := )" 65, (ds),
i=1

supported on the spectrum of XX, where 0y is the Dirac mass at y. We write L*(ux) := L2(Q o (ux),P)
to indicate the subspace of L2 (y6m) .= L2(RO", yEM (X)) (dX)) consisting of those random variables
that are measurable with respect to the sigma algebra generated by ux. By this, we mean the subspace of
L?(y'“™) of random variables that are generated by elements of the type

/R F@Opx(dr) = ux(f). (I11.3.10)

Since matrix-variate Hermite polynomials in (III.3.5) admit an expansion into zonal polynomials, they are
themselves symmetric functionals of the eigenvalues s, . . ., s¢. This fact together with the orthogonality
relation (II1.3.9), implies that the family of normalized matrix-variate Hermite polynomials

-1
Higxn = {c(0)"PHS™ s kv bk 20}, c(k) = 4"‘(%) k1Cy(1r) (111.3.11)
K

forms an orthonormal system in L?(ux). In Appendix IIL.A, we prove the following Proposition, stating
that this system is also complete in L (ux).

Proposition IT1.3.1. The system Higx,,) in (I1L.3.11) is complete in L*(ux).

Therefore, every F € L?(ux) admits a unique decomposition in the basis (I11.3.11),

F = Z Z FloHS™, (I1.3.12)
k>0 k+k
where
F(k) = c(k)™! / F(X)HE™ (X)y G (X)) (dX) (111.3.13)
R[’xn
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is the Fourier-Hermite coefficient of F' associated with the partition « and c(k) is as in (III.3.11). To state
our result, we introduce some further notation. For an integer s > 0 and X ~ N¢x,, (0,1, ® I,,), we recall
the notation 7,(X) := tr ([ XX7]*) introduced in (II.2.5) and define the spaces

m
(LIOX =R, (Lllf( = spanR{ntsj(X) S .S <km> 1}, k>1,
J=1

where the closure is with respect to L*( Ux). By construction, we have that (L[,f c UX . Welet

k+1°
Ul = U o U = US N (UE )Y,

that is, U,f is the space of those random variables in (Lllf that are orthogonal in L?(P) to elements of
‘L{,f(_ - Expanding matrix-Hermite polynomials into zonal polynomials by (IIL.3.5) and subsequently
zonal polynomials into monomials of the type #5(X) by (II.2.4) shows that Hermite polynomials admit
an expansion into monomials #;(X). In particular, since Hermite polynomials are orthogonal in view of
(II1.3.9), it follows that

UY = spang {H,S[’”)(X) CKF k}.

The following result links matrix-variate Hermite polynomials with the classical Wiener-1t6 decomposition
in (IIL.3.2). In particular, we establish an explicit formula for projection coefficients associated with
radial functionals of the form F(X) = fo(XXT) € L*(ux) (where X ~ Ny (0,1, ®1,)) in terms
of generalized Laguerre polynomials (see Section III.2.1 for definitions). Such a formula is to be
compared to [Tha93, Koc96], where the authors study Hermite expansions of functions of the form
F(x) = fo(IX||)P(x) on R", where P is a harmonic polynomial.

Theorem II1.3.2. For integers 1 < € < n, let X ~ Nyxn (0,1, ® 1) and write X = Vec(X). Then, for
every integer k > 0 and every partition « + k, we have that H,Ef’")(X ) is an element of Czyi and for every
F € L*(ux),

Proj(FIC3Y) = proj(FIUY) = " F()HE™ (X), (IIL3.14)

Kk

where F(K) is as in (I11.3.13). In particular, we have that proj(F|C§<+1) = 0. Moreover, if F(X) =
fo(XXT), then

! (-2 fo(R)L(n_TH)(Z_lR)etr(—2‘1R) det(R)“3 v(dR), (I13.15)
20T, (5) kICe(Xe) Jp,my ‘ o

I::(K) =

where L,((Y) denotes the generalized Laguerre polynomial of order y > —1 associated with the partition
k, defined in (I11.2.10) and v(dR) is the Lebesgue measure on Pe(R).

Our proof of Theorem III.3.2 suggests that, combining the generalized Rodrigues formula (II1.3.6)
with the univariate Rodrigues formula (II1.3.7), matrix-variate Hermite polynomials can be expressed in
terms of multivariate Hermite polynomials. For instance, combining (II1.3.6) with (II1.3.7) in the case
¢ = n =1 (so that for every integer k > 0, x = (k) is the only partition of k) and writing y = y(:1 for
the standard Gaussian density function yields for every £ > 0

(L1) e (n)! 2 a(my (o (7!
HEP 0600 =47 (3) | ConaxPisn =4 (3) (55 00 =47 (3) Ha00e00,
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where we used that (%) N = (%)k ,Cy(a) = a* for a € R and the Rodrigues formula for classical
Hermite polynomials in (III.3.7). This shows in particular that

e (n\7!
HED(x) = 47 (E)k Hy(X).

Proceeding similarly for arbitrary dimensions ¢ and n, we compute the first matrix-variate Hermite
polynomials associated with partitions of order up to 2 to be

. Z Z HZ(XU)

16[5] Jeln]

H((;)n)(X) — m@z‘ Z Hy(X;j) +3 Z ZHZ(XiLi)Hz(Xiz.i)

H((f)”) (X)

i€[£] je[n] i1#i2€[£] je[n]
33 ) BXy)H(Xp)+ ). D Ha(Xi)Ha(Xyp)
€[] j1#j2€ln] i1#i €[] j1#j2€[n]

2033 HiKi) Hi (Xigg H1 (Xi ) H1 (Xa))
i1#0€[L] j1#j2€[n]

1
HiN(X) = —— H(Xiyj ) Ho (Xiy )
onn—1)\ £ . £
i#i2€[l] j1#j2€[n]
=YY i H Xy H (X ) By (X)) (IL.3.16)

i1#i€[€] j1#j2€[n]

Combining the content of Theorem II1.3.2 with the orthogonality relation (I11.3.9), allows one to derive
variance expansions of spectral variables F(X) € L2(,ux) where X ~ Npx,(0,I; ®I,,) as a converging
series in terms of its Fourier-Hermite coefficients.

Proposition I11.3.3. For integers 1 < £ < n, let X ~ Nexn (0,1, ® 1) and F(X) € L*(ux). Then,

k( )K &n)
Var[F(X)] = I;Kz”;k'c i E [F(X)H| (X)]

where the convergence of the series is part of the conclusion.

I11.3.2 Fourier-Hermite coefficients of Gaussian determinants as intrinsic volumes of
ellipsoids

In this section, we consider rectangular Gaussian matrices X and provide the Wiener chaos expansion of
determinants of the form det(XX7)!/2. In [ZK12], the authors consider the case where X € R has
independent rows with respective covariance matrices X1, . . ., X¢, and prove that (see in particular [ZK12,
Theorem 1.1])

(n)¢

T\1/2] _

V(Es,s....65,.Bu, . ... By), (II1.3.17)
where V(&s,, ..., Ex,, By, . . ., By) denotes the mixed volume of the ellipsoids Ex,,7 = 1,. . ., £ associated
with matrices X; and B,, denotes the unit ball in R” with volume «,, = 7"/2/T(1 + n/2). We also refer the
reader to [Vit91, Theorem 3.2], where the author proves a similar formula linking the expected absolute
determinant of a matrix with i.i.d. copies of a random vector to the volume of the zonoid associated with
the random distribution.
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In Theorem IIL.3.6 below, we substantially extend this framework to arbitrary projection coefficients
associated with the Wiener chaos expansion of such Gaussian determinants in the case where the rows of
X are i.i.d Gaussian vectors with the same covariance matrix X.

Let = € R™" be a symmetric positive-definite matrix and {X O =xD . xPy:ie [5]} a collec-
tion of independent Gaussian vectors with covariance matrix . We write X € R for the matrix whose
i-th row is X . It follows that X has distribution Npx, (0, I, ®%) with density function

Y (X) = @) ™2 det(2) " Petr (-2 X7 XT) (I11.3.18)

As a consequence, the matrix X ~~1/2 has the Nyxn(0,I; ® I,) distribution (see e.g. [GNOO, Theorem
2.3.10]). Based on the matrix-variate Hermite polynomials H,ff’") and their orthogonality relation with
respect to & in (I11.3.9), we define

H™ (X5 3) o= det(@)*HEM (X212, (II.3.19)
In particular, we note that H (f’")(o I,) = H; @ ")(o). The following proposition states that H,Eg’")(o, 2)
are orthogonal with respect to the density y( oF in (II1.3.18).
Proposition I11.3.4. For every integers k,l > 0 and every partitions « + k, o + I, we have
1
HE (X D) HE (X D)y (X) (dX) = 1ymyr - det(D)2047 ( 2) KIC(T,).
RExn

Therefore, the family of normalized polynomials
-1

Hy := {c(K;Z)—l/ZHK“”“(o;Z) ckFk > 0}, c(k;%) = det(Z)Z"k4-k(g) k\Co(I;)  (II1.3.20)
K

forms an orthonormal system of L( Ux), where ux denotes the spectral measure of X X T associated with
X. Hence, for every F € L?(ux), one has the expansion

F(X) =) ) FuaDHH (X;3),
k>0 ik
where the projection coefficients are given by

F(;2) = c(kz)! FXOHS (X)gd ™ (X)(dX)
Rﬁxn

c(6:2) "By [FOOHS(X:D)]. X ~ Nexan (0.1, 8). (111.3.21)

The next result provides an explicit formula for the projection coefficients F (k;Z) in the special case
where F(X) = det(XX7T)"/2. Here, ((’;) denote the generalized binomial coefficients defined by (I11.2.3),
and ji stands for the Haar probability measure on the Stiefel manifold O(n, £) of {-frames in R".

Theorem IIL.3.5. For integers 1 < { < n and ¥ € R™" positive-definite symmetric, let X ~
Nesin (0,1, ). Then, F(X) = det(XXT)V? is an element of L?*(ux), and one has the decomposi-
tion

F(X) =) ) FDHH(X;3),

k>0 k+k

where the Fourier-Hermite coefficients of F are given by the formula

. ( Z)k +1)0’
F(k;X) = det(z)t’kk!( ) ZZ( )(_ ) %)

n+l
x det(2)~ mzf’/zg det(UE~'UT)" D72 gqu). (I11.3.22)
[e(3) Jome
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As anticipated, our next result yields a geometric interpretation of the projection coefficients F (;X)
appearing in (II1.3.22) in terms of mixed volumes and intrinsic volumes of ellipsoids (see Section I11.2.3
for preliminaries on these notions).

Theorem IIL3.6. For integers 1 < € < n and £ € R™" positive-definite symmetric, let X ~
Nesen (0,1, ®). Then, for F(X) = det(XXT)'/2, we have

F(;Z) = M 6n) - V(Es[l),Buln —€]) (1I1.3.23)
-1

= M(K:Z.ln) - Kn_g(’;) Vi(Es), (I11.3.24)

where
L =F ( ) (”” o (n)e
M2, €,n) = ————— ( ) )%
2= a2 Z(:) 2\o) T, B
and where V (e, . .., ®) and Vy(e) stand for the mixed and €-th intrinsic volumes, respectively (see also

notation (111.2.17)), B,, denotes the unit ball in R and k,, = n"2/T(1 + n/2) denotes its volume. In
particular, for k = (0),

-1

B [detxxT)2] = — D yigierBain— ) = =2 (") V(&) 111.3.25

[det(xx7)'/2] Gyt VO Baln = () = 55| ) VeEs) ( )

Remark II1.3.7. (a) We point out that (II1.3.25) coincides with (III.3.17) in the case where £; = X
fori = 1,...,¢. In this sense, relations (II1.3.23) and (I11.3.24) tl/l\erefore generalize the content of
[ZK12, Theorem 1.1] to arbitrary chaotic projection coefficients F(«; X) associated with partitions
kof order k > 1.

(b) Our proof of Theorem III1.3.6 suggests the following new identity for intrinsic volumes of ellipsoids

Vi(Ex) = (’;) fn

det(z)~¢/? / det(Uz'UTYy" V24U, 1<t<n,
Kn—¢ on,t)

where [ indicates the Haar probability measure on the Stiefel manifold O (n, £).

(c) In Section 1V.2.6, we sketch an attempt to further generalize the findings of Kabluchko and Za-
porozhets to the more general setting where the rows of X are independent with respective covariance
matrices X1, . . ., X¢. As we will explain, we are not successful to adapt our techniques employed in
the proof of Theorems II1.3.5 and II1.3.6 to this more general framework. Such a difficulty may be
explained by the fact that the polynomials defined in (II1.4.17) are not easily tractable for matrix
calculus, as we have to deal with each row separately.

The following corollary is obtained from Theorem IIL.3.5 applied with ¥ = I,,, that is, when X has
i/r\ldependent/\ rows with independent coordinates. In this case, we have H,Ef’”)(X 1) = H,Ef’" )(X ) and
F(k;1,,) = F(«x) as in (I11.3.13).

Corollary IIL.3.8. For integers 1 < £ < n, let X ~ Nixn (0,1, ® L,). Then, F(X) = det(XXT)/? is an
element of L*>(ux ), and one has the decomposition

F(X)= > > FH™(X),

k>0 k+k
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where the Fourier-Hermite coefficients of F are given by the formula

_ Tp(2ly (- z)k 2,
¢/2 _ 2
F(xk) =2 e ( ) § § ( )( 1)* @, (111.3.26)
In particular,
Ff(n+1)
E |[det(xx™)!/?| =202 — 2~ 11.3.27
[det(xxT)!/?] e ( )

Remark II1.3.9. (a) Combining the contents of Corollary III.3.8 and Theorem III.3.2, we see that
(II1.3.26) provides the chaotic projection coefficients associated with the Wiener-chaos decompo-
sition of det(XX7)!/2. In Section II1.3.4, we consider functionals of multi-dimensional Gaussian
fields arising in stochastic geometry, that admit a certain integral representation in terms of Jaco-
bian determinants, and effectively use formula (III.3.26) to obtain a compact expression of their
Wiener-Itd chaos expansions.

(b) Formula (III. 3 27)is to be compared with Remark I1.1.2 (a) of Chapter II for a link to flag coefficients
[ {,] = (’;) y— , also appearing in the Gaussian Kinematic formula (see for instance Chapter 13
in [ATO07]). In partlcular one has that

o
E [det(xX™)'/?] = o ’;f/z[ ]

II1.3.3 Generalized Ornstein-Uhlenbeck semigroup
II1.3.3.1 A Mehler-type representation

In this section, we provide the equivalent counterpart on matrix spaces of the classical Ornstein-Uhlenbeck
semigroup {P; : t > 0} on R defined via Mehler’s formula (see Proposition 1.1.20)

P f(x)=E [f(e_’x + V1 - e‘Z’Xo)] , Xo~N(@O1), xeR t>0. (II1.3.28)
For an integer d > 1 and f : R — R, we write

PPf(x)=E [ fle'x+ V1 - e—ztxo)] . Xo~A301y), xeRY >0 (111.3.29)

for the Ornstein-Uhlenbeck operator in dimension d, in such a way that P, = Pt(l). We fix integers
1 < ¢ < n, and define the space

Mt n) = {f :R*" 5> R: f(XH) = f(X) for every H € O(n)}, (111.3.30)

that is, an element of [1(¢, n) is a matrix-variate function that is right-invariant under orthogonal transfor-
mations. For a diagonal matrix A = diag(ay,...,a,) € R™" with ay,...,a, > 0 and f € I1(¢, n), we
introduce the operator

OV f(X) =E

F(XHe ™ + Xo(I, —e~ 214112y ,a(dH)‘X] , >0 (I11.3.31)
O(n)

where the expectation is taken with respect to Xo ~ Nyxn (0,1, ® 1), for a matrix M € R™",

eM Z —(tM)”

p>0
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denotes the matrix exponential of M, and i indicates the probability Haar measure on the orthogonal
group O(n).

Our next result specifies the action of O(f " on matrix-variate Hermite polynomials and naturally
complements the action of P, on Hermite polynomlals on R given derived in (I.1.21),

P,Hy (x) = e Hy (x). (111.3.32)

Theorem IIL.3.10. For every diagonal matrix A = diag(ay, .. .,a,) € R™" such that ay, . . .,a, > 0,
every integer k > 0 and every partition k + k, we have that

(6n) gy (6n) Ce(e™ ) o)
O, "HS " (X) = ————H""(X). (I11.3.33)
’ Ce (1)
In particular, the family {Ot(a") it 2 0} is a semigroup on the class 11({, n) ifand only ifa; = ... = a, =

a. More precisely, in this case, Ot(_ﬁ") coincides with Pg;”) on the class T1(¢, n).

In particular, it becomes clear that the polynomials H, m are eigenfunctions of O(f ) with respective
eigenvalue Ci (e C(I,)~". Moreover, if F € L*(ux) admits the expansion (III.3.12), then OEE‘")F €
L*(ux) and

(tn) A em
Oua F = ZZF() C(In) B

k>0 k+k

that is, the projection coefficients of O(g "F are obtained from those of F by multiplying by
Ck(e_ZtA)Ck(In) L

Remark II1.3.11.  (a) Using the fact that H,Ef’") is an element of the class I1(¢, n) (as can be seen for
instance from (II1.3.8)), we deduce from (I11.3.33) applied with A = I,, that

Cule? M)

HE (X) = e K g™ (X),  (1.3.34
B0 = HHE 00, (113,34

PIVHE (X) = O HE (X) =

where we used that Ce(e 2 In) = 72K C, (I,) by homogeneity. Recalling that H,Ef’")(X ) is an
element of the 2k-th Wiener chaos associated with Vec(X), it is clear that the classical Ornstein-
Uhlenbeck semigroup {Pt(f") > 0} acts on the entries X;; of X via the relation P"V H{"™ (X) =

e 2kt M (X) | which is consistent with (I11.3.34).

(b) Letus assume that A = diag(a, ..., a),a > 0. Then the relation in (II1.3.33) reduces to
Ot({;n) H]E[,n) (X) — e—Ztangf,n) (X),

in view of the identity C(e™>4) = ¢2'“C,(I,,). In particular, from this identity, one can directly
verify the semigroup property verified by Ot(f;‘") on matrix-Hermite polynomials, as for every
s,t >0,

O(f n) H(f n) (X) —2([+S)aH’5€JL) (X) — 6_21a€_zsaH,£[’n) (X) - (57 n)O(t) n)H(f n) (X)

t+s;A

Combining this relation with (II1.3.33) in particular suggests the identity

CI( (6—2(t+s)A) _ CK (e—ZIA)CK<e—25A)
Ci(In) C(I,)? '
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which fails to hold in the case where the diagonal entries of A are not all equal. Indeed, for
simplicity a direct computation in the case £ = n = 2,k = (1),a; = 1, ax = 2 shows that the left
and right-hand sides of the above relation are respectively given by

=2(t+s) —4(t+s) -2t —4s
—le + e , —e e
2[ ] 1

bl

which are different.

II1.3.3.2 An extension of the orthogonality relation for matrix-variate Hermite polynomials

We recall that for jointly standardized Gaussian random variables X, Y such that E [XY] = p, the univariate
Hermite polynomials on the real line satisfy the orthogonality relation (see Proposition 1.1.22)

E[Hy(X)H;(Y)] = 1oy - k! o5 (I11.3.35)

Exploiting the action of the semigroup Off;") on matrix-variate Hermite polynomials derived in Theorem
II1.3.10 allows us to establish the matrix-counterpart of the orthogonality relation (II1.3.35) in the setting
where the correlation of the Gaussian matrix entries X and Y is reflected in a matrix R. This is the content
of the following theorem.

Theorem II1.3.12. Let X, Xg ~ Nexn (0,1, ®1,) be independent and R be a deterministic matrix of

dimensionnxn. LetY £ XR + Xo(I, —R*)'/% in distribution. Then, for every integers k,1 > 0 and every
partitions k + k, o + I, we have

Cie(Ip)
Ce(@)

-1
B [H COHE )] = Lo -47(5) KICRD) (I11.3.36)

Some remarks concerning Theorem II1.3.12 are in order.

Remark II1.3.13.  (a) By independence of X and Xy and the distributional identity Y 4 XR +
Xo(I, —R?)'/2, we have that for every i,i’ € [£], ], j’ € [n],

n n
B [XiYrp| = D B [XoXoi| Ry = D 0li = ', j = kIR = 1[i = 'Ry,
k=1 k=1
where we used that X ~ Ngx,(0,I, ® 1), yielding that, for every j,j" = 1,...,n,|R;;| < 1 by
virtue of the Cauchy-Schwarz inequality. The above observation implies that R is necessarily sym-
metric and positive-semidefinite as a covariance matrix, and therefore has non-negative eigenvalues
1,...,In. Note that, if R = A = diag(ry, .. ., r,) is diagonal, we therefore necessarily have |r;| < 1
forevery j = 1,...,n,so that (I, —R?)!/? is well-defined. Our arguments to prove Theorem IT1.3.12

are based on the following general reduction argument: for f, g € I1(£, n), writing R = OAOT with
O € O(n) and A = diag(ry, ..., "),

E[f(X)g(XOAOT + Xo0(1, —R*)"?0")] = E[£(X0)3(XOA + Xo0(I, -A»)'/?)]
=E[f(X)g(XA + Xo(I, -A*)/?)],

where we used that £(X) = f(X0) and g(XOT) = g(X) since f,g € II(£,n) as well as the fact
that (X0, Xo0) 4 (X, Xo), showing in particular that |r;| < 1 forevery j = 1,...,n.
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(b) We point out two particular cases of Theorem II1.3.12: (1) if R = I,,, relation (II1.3.36) reduces
to the orthogonality of Hermite polynomials stated in (II1.3.9) and (2) when R = diag(p, ..., p),
(II1.3.36) gives

Ce(Ie)

E [HS (XOHS™ (pX + 1 - p*Xo) =11K=a-4‘k(ﬁ) K L E TS
2 Ce(In)

-1
=1, 47k (g) ko2 C (1), (I11.3.37)

where we used homogeneity of zonal polynomials. For completeness, in Example I11.3.14, we
present three explicit examples of (II1.3.37) for the Hermite polynomials in (II1.3.16) by relying on
moment formulae for products of univariate Hermite polynomials.

(c) Writing X = Vec(X) and Y = Vec(Y), we know by Theorem II1.3.2 that H,Ef’”)(X ) € C2)§c and
H,gf’")(Y) € Czi. In particular by orthogonality of Wiener chaoses, it is clear that H,Ef’")(X ) and
H((f " (Y) are orthogonal in L>(P) when k # I. Remarkably relation (II1.3.36) yields a stronger
orthogonality in the sense that, even if k = [, the elements H,Eg’") (X)and H((f ) (Y), belonging both
to the Wiener chaos of order 2k, are orthogonal as soon as « # 0.

(d) Combining relation (IIL.3.8) with (II1.3.36), we deduce an extended orthogonality relation for
generalized matrix-variate Laguerre polynomials
(==

B[ @ LT ey = g [ o HE (1)

Cie(Ie)

-1
n

=Tleeo - (3] K!IC(R? ,

=7 (2) kG )CK(In)

where we used that y, := (—2)"‘(%);1, thus extending the orthogonality relation in (IIL.2.11)
obtained for R = I,,.

Example II1.3.14. In this example, we explicitly compute the covariance

E[HSOHE ()], Y = pX + 1 - p2Xo

in the three examples (i) k = o = (1), (i) « = (2),0 = (1,1) and (iii)) « = o = (1,1) by relying
on the explicit expansions of the corresponding matrix-Hermite polynomials in terms of univariate
Hermite polynomials in (III.3.16) and product formulae for the latter. Our computations developed
below are consistent with (II1.3.37). In view of the covariance structure between X and Y, we have
that E [XUY,v ,,] = 1[i =i, j = j']p. We start with (i). Using the covariance structure together with the

expression for H ((f)") in (II1.3.16) yields

B[HG"COHG ™)) = Z D B [Ha(Xiyj) Ha(Ye)y)]
i,ir€[€] j1,j2€ln]

2

. .. . 4

=— g § Uiy = iz j1 = jol = 2=tn = p*—,
4 | 4 2n 2n

i1,02€[L] j1,j2€[n]

where we used (II1.3.35). On the other hand, using that (n/2)) = n/2 and C(1)(I;) = tr(I) = ¢ yields
from (I111.3.37)

2 U

E [H“’ m(x)H' ”’(Y)] 25 P

(eY) )]
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which coincides with the above. Let us now treat (ii). In view of (II1.3.16), we can write

5
) gy 1 _ @n) oy . 1
HE" (X0 = s ;:1 AKX, B 1= s (BUY) + Ba()),

where A1(X),...,As5(X) and B{(Y), Bo(Y) are the double summations appearing in the respective defi-

nitions of H ((g")(X ) and H ((f’ln))(Y) (including their multiplicative coefficient). We can thus compute

5 2
E[HG" OHGT )] = 1 1_ 5 > Y E[Aix)B;(m)], (I1.3.38)
i=1 j=

 12n(n +2) 6n(n -

which is a sum of ten terms. First we recall the following relations for jointly standard Gaussian random
variables Ny, N, Z1, Z> such that E[N;N2] = E[ZZ,] =0,

E [Ha(N1)Ha(Z1)Hr(Z5)] 24E [N, Z1 P E[N: Z2)%,
E[Hy(N1)Z1Z;] 2E[N1Z1]1E[N12],
E[Ni1N:Z1Z5] = E[NIZI]E[N2Zp] + E[N1 2] E[N2Z4] .

Combining these relations with the covariance structure between X and Y, one verifies that
E[A4:(X)B;(V)] =0, Y, j) ¢ {(52),(4 1)}
and
E[A4(X)Bi(Y)] = —E[As(X)By(Y)] = 8£(¢ = n(n - 1)p",

implying in particular that E [H ((f;’”(x YH ((f’ln))(Y)] = 0 in view of (II1.3.38). Proceeding similarly for
example (iii), we write
1 2
(&,n) (¢,n) _ . .
E[H D XOH ()] = Tt 'ZIE [B:(X)B; (V)]
i,j=
where By and B, are as above, for which we compute
E[B1(X)B1(Y)] = E[A4(X)B1(X)] = 8¢(¢ — Dn(n — 1)p",
E[B1(X)B2(Y)] = E[B2(X)B1(Y)] = E[A4(X)Ba2(Y)] = 0,
1
E[B2(X)Bx(Y)] = _EE [A5(X)By(Y)] = 40(¢ — Dn(n - 1)p*,

where A4 and As are the terms appearing in H (bm) Summing these terms yields

2)
2
1
(tn) (,n) _ . . - - _ 4
E[H{OH (1)) = Tt .ZIE [B:(x)B;(¥)] = s 1)5(5 p*. (111.3.39)
L,]=

On the other hand, computing (n/2)1,1) = n(n — 1)/4 and C(1,1)(X¢) = %f(f — 1) yields from (I11.3.37)

-1 1
B [HED 0 gEm (y :4—2(2) 2UAC1n(y) = ——— (6 — 1) p*,
[ (1’1)( ) (1’1)( )] D) (L P (l,l)( ) 3n(n—1) ( )P

which is consistent with (II1.3.39).
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II1.3.4 Applications to geometric functionals of Gaussian random fields

In this section, we apply our main results of Sections II1.3.1, I11.3.2 and II1.3.3 to the study of geometric
functionals of multidimensional Gaussian fields.

In Section II1.3.4.1, we consider random variables admitting an integral representation in terms
of Jacobian determinants associated with multi-dimensional Gaussian fields. We argue that such a
definition can be interpreted as the fotal variation of vector-valued functions, generalizing the classical
definition of total variation of multi-variate functions. More specifically, in the setting of a certain matrix
correlation structure between two Jacobian matrices, appearing notably in the study of Gaussian Laplace
eigenfunctions, we exploit the findings of Theorem I11.3.12 to obtain a precise expression for the variance
of the total variation in terms of integrals of zonal polynomials.

In Section I11.3.4.2, we apply the general framework of Section II1.3.4.1 to vectors of independent
arithmetic random waves with the same eigenvalue on the three-dimensional torus, and prove a CLT in
the high-energy regime for their generalized total variation on the full torus.

In Section II1.3.4.3, we consider the nodal volumes associated with vectors of independent arithmetic
random waves on the three torus. In particular, we provide its Wiener-Itd chaos expansions in terms
of both, multivariate and matrix-variate Hermite polynomials, and provide some insight for variance
estimates of its chaotic components.

I11.3.4.1 Generalized total variation of vector-valued functions

Let n > 1 be an integer and consider a centred smooth Gaussian field f = {f(z) : z € R"} on R". For
1 < ¢ < n, we consider ¢ i.i.d copies fO . O of f and are interested in the ¢-dimensional Gaussian
field

ie = {fe(@ = (P(@,....10@) : z e R},

We denote by f,(z) € R the Jacobian matrix of f, evaluated at z € R”. Moreover, we assume that (i) for
every z € R", the distribution of f¢(z) is non-degenerate and (ii) for every z € R", f(’,(z) ~ Nescn (0,1, ®1,,).
We define the following random variable.

Definition I11.3.15. For a compact domain U C R", we define
Ven(esU) = / D(f)(2))dz, (111.3.40)
U

where ®(M) := det(MMT)'/2 for M € RO,

We note that the above integral is well-defined since U is compact and det(f;(z)) is a multivariate
polynomial in the entries of fé(z). We remark that the random variable V,(f,; U) can be seen as a
generalization of the total variation of vector-valued functions. Indeed, for £ = 1, (III.3.40) coincides
with the definition of the total variation for functions R” — R. For ¢ = n, [FFMO04, DP12] consider a
relaxed total variation of the Jacobian given by the Area formula (see Proposition I.1.11)

Vn,n(fneU) = /U |det(f;l(z))|dz = /R" Ny(fn;U)dya

where Ny, (f,; U) = card({z € U : f,(z) = y}). Using the Co-area formula in (II1.3.40) shows that

Ven(fes U) =/

oy (fe: U)dy,
Rf
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where o, (f¢; U) denotes the (n — £)-dimensional Hausdorff measure of the level set {z € U : f¢(z) = y}.
Thus, the definition (II1.3.40) generalizes the above setting to functions R” — R’ with £ < n.

From now on, 1 < ¢ < n are fixed and we write V(f,; U) = Vg, (fe; U). The fact that, for every
z € R", ®(§;(z)) is an element of Lz(/lf/[(z)) implies that V(fz; U) can be expanded in matrix-variate
Hermite polynomials by means of Corollary II1.3.8, yielding its Wiener chaos expansion

V(U) = Y V(i U)I2K], V(i U2k = > ®(x) /U HS (7 (2)dz, (IL3.41)

k>0 Ktk

where 5(K) is as in (I11.3.26) and V (f¢; U)[2k] denotes the projection of V(f¢; U) onto the Wiener chaos
of order 2k associated with f,. In the following proposition, we compute the variance of the total variation
of fo on U in the specific framework, where the matrices f 2(z) and ‘f{',(z’) satisfy a certain matrix correlation
structure for every z,z’ € R" (see (I11.3.42) below).

Proposition I11.3.16. Let the above notation prevail. Assume furthermore that for every z, 7' € R",

1z £ 1)(D)R(z 7') + Xo(L, —R(z, 2)) V2, (I11.3.42)

in distribution, where Xo = Xo(z,2") is an independent copy of 7,(z) and R(z,7’) is a deterministic
matrix. Then,

i _ SN2k (T - CieXe) "2 ,
Var[V(i,; U)] = ,(ZZI%(D(K) 4 (2)K k!CK(In) et Cy(R(z,2')")dzd7, (II1.3.43)

where &)(K) is as in (I111.3.26).

I11.3.4.2 Applications to Arithmetic Random Waves on the three-torus

In this section, we apply the general framework presented in Section II1.3.4.1 to the setting of vectors of
independent arithmetic random waves on the three-torus, T>. Recall that Arithmetic Random Waves 7,
are defined for integers n € S3 (that is n is an integer expressible as the sum of three integer squares) as
the stationary Gaussian process {Tn(z) 1z € T3} on the three-torus with covariance function

1
r™(z,2) = E [T,(2)Tu(z)] = N Z ea(z—2)=rM(z-7), z7 €T, (I11.3.44)
nJen,

where e,(z) := exp(2mi{4, z)), A, denotes the set of frequencies and N, is its cardinality. For thorough
introduction on Arithmetic Random Waves, we refer the reader to Section I1.1.2 of Chapter 1.

Total variation of vectors of ARW on T>. For an integer 1 < £ < 3 and n € S3, we consider i.i.d copies

T,El), . T,Eg) of T,, and consider the associated ¢-dimensional Gaussian field
T = {1 ) = (1,"().....\" () : z € T*}. (I11.3.45)

Our specific goal is to study the high-energy behaviour (that is, when N, — o) of the total variation
V(Tﬁf); T3) (as defined in (II1.3.40)) of Tﬁf) on the full torus. Rescaling the Jacobian matrix of Tgf) to
make its entries have unit variance and according to (I11.3.40), we use the homogeneity of the determinant
in order to rewrite the total variation as

l/2

E, —~

V(T T?) = (7) / D(jacy (2))dz, (I11.3.46)
T‘ n
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where ®(M) := /det(MMT) and jFaT:Tm (z) denotes its normalized Jacobian matrix evaluated at z. We
furthermore adopt the notation

2 £\
az,-azj',r @), 7 (@)= ( 3 ) ri (@) (I11.3.47)

(n) .
ry (@)=

The statement of our result is divided into three parts: (i) gives the expected total variation of vector-
valued ARWs on the full torus, (ii) is an exact variance asymptotic and (iii) is a Central Limit Theorem
in the high-energy regime for the normalized total variation

e VT —E[VT) T
V(T3 = . (I11.3.48)
\/Var[V(T;">;T3)]

Theorem I11.3.17. Let the above notation prevail.

(1) (Expected total variation) For every n € S3, we have

E N\ T2
E[V(Ty:T%)] = (—) 2"/2# (111.3.49)
3 [e(3)
(i) (Asymptotic variance) As n — oo,n % 0,4,7 (mod 8),
4 2
E T,(2)?2 ¢ _
0).m3\] _ [ En 1t 1/28+0(1)
Var[V(Tn . T )] = ( : ) 2 RN, (1+0n ) (I11.3.50)
2
(iii) (CLT) Asn — co,n % 0,4,7 (mod 8),
Va0 1) S N 1), (IL3.51)

d C e
where — denotes convergence in distribution.

We remark that (II1.3.49) and (II1.3.50) imply that the normalized total variation V(T;T%)/E¢

£/2
converges in probability to (%) / FE%%) asn — oo,n # 0,4,7 (mod 8). Our proof of Theorem II1.3.17

is based on the expansion of the total variation in (III.3.46) into matrix-variate Hermite polynomials by
means of Corollary II1.3.8 (see also (I11.3.41)). As we will prove, the high-energy distributional behaviour
of the normalized total variation is entirely characterized by its projection on the second Wiener chaos,
which explains the underlying Gaussian fluctuations. In order to prove the negligibility of higer-order
Wiener chaoses with respect to the second one, we rely on fine estimates for the second and sixth integral
moments of " derived in [BM19].

II1.3.4.3 Wiener chaos expansion of nodal volumes associated with ARW

In this section, we consider the same framework of Section II1.3.4.2 and provide the Wiener chaos
expansion of the (3 — £)-dimensional volume Lﬁf) = FHs_o( (Tif))‘1 (0)) of the nodal sets associated with
Tﬁf) in (II1.3.45), that we extensively studied in Chapter II.

Recall that, as discussed in Section 11.3.1 of Chapter II, using the Area/Co-Area formulae (see
Proposition 1.1.11), the random variable L,(f) is defined P-almost surely and in L?(P) by the integral
representation

/2
E, ~
LY = (?) / 0000 (T3 (2))@(acyo (2))dz. (IL.3.52)
T
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where @ is as in (II1.3.46) and for x = (xy,...,xs) € R, 00,...,0)(x) = p(x1) - -+ 0p(x¢) denotes the
multiple Dirac mass at the origin. Here below we show how matrix-variate Hermite polynomials allow
one to obtain compact forms of the Wiener-Itd chaos expansion of Lﬁf).

In view of definition (IIL.3.52), we use the stochastic independence of Tgf)(z) and JEET([) (z) for

every fixed z € T3, to derive the chaos expansion of the nodal volume. Indeed, the latter is obtained
by multiplying the respective Hermite expansions of the multivariate Dirac function and of @ and then
integrate over the torus.

Formal Wiener chaos expansion of multiple Dirac mass. The multivariate Dirac mass admits the formal
expansion into multivariate Hermite polynomials (see Lemma II.A.1 of Chapter II)

ST =Y Y Brpgray, cer

q20 |a|=g

where @ := (a1, ...,a¢) € 2N, |a| := 31 @, @! =[], @;! and

£
Boi=[ | Bo: B = /R 60 () Hoy (u)y ().
i=1

Wiener chaos expansion of Gramian determinant. By Corollary II1.3.8, we have the expansion of @ in
matrix-variate Hermite polynomials

B(jacyn(2) = ) > DWOH Y (acyn (), z €T

k>0 k+k

where the projection coefficients are obtained from (II1.3.26) applied with n = 3,

~ 3 1 T/ (2) e
(k) = (-)*(5) 2% — ( )— : 111.3.53
0= (-2/(3) k!r{;(g);}; D e m3.53)

Wiener chaos expansion of the nodal volume. Combining the two previous expansions and using indepen-

dence, the Wiener chaos expansion of pr is given by the L2 (P)-converging series Lﬁf) = 2420 pr [24]
where for g > 0, Lﬁf) [24] is the chaotic component of order 2¢g given by

LP12q]

3 q1+2q2=2q

E £/2 ﬂ
(_n) PP )/ HE (T () H (acyo (2)dz. (111.3.54)

3
q1+2q2=2q |a|=q) k+q2

/ 2. ’ CTHE TP @) Y POHS Gacyo (2)dz

L lal=q1 Kkq2

We remark that, unlike the Wiener chaos expansion of the generalized total variation in (IIL.3.41), it
becomes clear that the presence of the multiple Dirac mass leads to an expression containing both
multivariate and matrix-variate Hermite polynomials. We write out the expressions obtained from
(I11.3.54) for g € {0, 1,2}, corresponding to the projections of L,(f) on chaoses of order 0,2 and 4,
respectively. For g = 0, we obtain the expected nodal volume

EN EN? 1 (2
LSP[O]:E[LY)]z(T) ﬂgq’“(’)):(?) (Zn)f/zzf/zri%;’
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thus recovering the value of the expected nodal volume established in part (i) of our Theorem I1.1.1. The
projection on the second Wiener chaos is obtained for g = 1,

dz.

£/2 _
Ly121 = ( ) / [Z S (TR () + D) (Y (acyo (2)

In Section I1.2 of Chapter II, we presented a general principle, based on an application of Green’s formula
on manifolds, leading to cancellation phenomena in the study of nodal sets associated with Gaussian fields.
In particular, we derived that that L, [2] = O (see Section I1.2.2 for details). An equivalent reformulation
of this fact in terms of the matrix-variate Hermite polynomials H ((f) ) then leads to the identity

/ [ ST HAT () + DU Gacyo (2)) | dz =
s "

Using the definition of H((ff) in terms of univariate Hermite polynomials H» (see (I11.3.16)), and sub-
sequently applying Green’s integration by part formula on manifolds (see e.g. [Lee97, p.44]) eventually
recovers this cancellation phenomenon. The fourth-order chaotic component of the nodal volume is
obtained from (I11.3.54) with ¢ = 2, namely writing 3o := Hle Bo = ,85

Ly[4]
E £/2 :8 ~
= (?) / [@(((»)Z STHI T @)+ ) —®<<1>>H?Z<T£f)<z>)H§f;”(iach)(z))

la|=4 |la|=2
+ﬁ~0&)((2))H((§)3)(]aCT;¢>(Z)) + Bo®((1, 1))/ H((f f;QaCTg)(z))]dz
E, £/2
(?) [@((O))— / H<T<’><z>>dz+(ﬁ,2) ®((0)
T iell] )

L2010 Y, [t @) G 2

i€[l]

/ Hy (T (2)Hy (T (2))dz

i<jelf]

+ﬂ0(1)((2))/ H(Z) (]ac (f)(z))dz+ﬁ0q)((l 1))/ If(1 I)Qac ((’)(Z))dZ

E l/2
. (_) (7O + .. +TO W], (I113.55)

%) = ﬂcb((on /qrzHﬁt(T,i")(z))dz
L )

5,7 (n) = (@) 0) Y / Hy (T, () Ho (T, (2))dz

|
2! i<je[]

0w = Zaan Y / Hy T ) HE Gy (2))dz

i€[l]

TOm) = Bod((2)) /T 3H((§;3)(j§5T§f>(z))dz

) = Bod((1,1) / H((f’?))(jEET(m(z))dz,
T3 ’ "
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that is, the fourth-order chaotic component can be written compactly as a sum of 5 terms. This expression
is to be compared with Equation (I.3.23). Furthermore, when ¢ = 1, we have that Ts(l)(n) = 0, since
in this case, only projection coefficients ®() associated with partitions k of length one contribute to
the chaotic expansion of L,(f). Writing out the explicit values of the projection coefficients in (II1.3.53)
for partitions xk € {(2),(1,1)} and using the expressions for matrix-variate Hermite polynomials in
(I11.3.16), we recover the projection coefficients on the fourth Wiener chaos associated with ® appearing
in Proposition II.B.5 of Chapter II (see also Proposition I1.3.14).

In Chapter II, we established variance asymptotics of the fourth Wiener chaos by computing variances
and covariances of each terms appearing in its expression. Here below, we give some insight to deal with
the variance of the fourth Wiener chaos in a more compact form. From (II1.3.55), the variance of Lﬁf) [4]
is given by

¢ 5
Var[L{"[4]] = (%) {ZVar[T,S">(n)]+2 > E[T,@(n)T;")(n)]}.
p=1 1<p<g<5

In order to deal with the variances of the random variables T;g) (n), p = 1,2, 3, one can rely on the classical

diagram formulae for Hermite polynomials (see e.g. [PT11]), whereas for the variance of Tlgf) (n),p=4,5,
one has

Var |1, (n)]

Fod((2))° / _E[HG Gacyo )DHG (acy ()] dzda’
T>XT

Var[TS(l’)(n)] ﬁ%(’ﬁ((l, 1))2 /3 ) E [H((f 13))(]aCT(€) (Z))H(1 b (]aCT(c) (z ))] dzdz7’ .

Using the fact that the Jacobian matrices JaCT([) (z) and j JacT<e> (z) are correlated according to (I11.3.42)
where R(z,z") = R, (z — z’) with (see also the | proof of Lemma I11.4.6 for more details on this)

-1 )
E 0
FJ(.Z)/(Z —-7'):= (—") —r™W(z -2,

Ry(z—7):= (" (z -
(z=2):= (7= 2)), 3] 8707

J'el3]’

we can use Theorem III1.3.12 to infer (for Tf) (n) and similarly for TS([) (n))

-1 51 C)(Iy)
@ CoyI3) Jraxrs

-1 CoyIp)

)\ 2
20———= [ Cp)(R.(2)")dz,
@ Coz) Jp (@)

where the last identity follows from stationarity (and a similar expression involving the zonal polynomial
C(,1) holds for the variance of Ts(g)(n)). Moreover since Tg)(n) and Ts(f)(n) involve different partitions
of the integer 2, Theorem I11.3.12 implies that E [Tf)(n)TS([)(n)] = 0, that is, the random variables
Tx(n) and T5(n) are orthogonal in L?(P). It should be remarked that T4(€) (n) and Ts(f) (n) are however not
orthogonal in L?(P) to the remaining terms T(f) (n), p = 1,2,3, as can be seen for instance from

C)(Ru(z — 2/)*)dzdz’

Var 70 ()] Eé&)((2))24-2(%)

Fd@4(3)

E 1,21 ()] = (@) () )] / E [Hy(T () HG Y (acyo (2)) ] dzdz’

|
. lE[[] T3xT3

HE3

involving covariances of both univariate and matrix-variate Hermite polynomials. Writing out PSS

univariate Hermite polynomials in (II1.3.16), and using independence, we obtain that

4
D B[HaTP @) HE Gacyo ()] = € E [Ha (TP @) HS; Gacyo ()]
i=1
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= %(3 D E[HaT" @) Ha(GT," ()]
Jel3]

3 Y, BH @G T @) HNGT ] ).
J1#j2€[3]

In order to deal with this expression, one can again use the classical diagram formulae for univariate
Hermite polynomials (see for instance the relations in Example 1I1.3.14). We thus believe that matrix-
variate Hermite polynomials can be adequately used in order to handle covariances of terms involving
only the gradient components of Tﬁf).

II1.4 Proofs of main results

I11.4.1 Proofs of Section II1.3.1
Proof of Theorem II1.3.2

Since F € LZ(uX) C Lz(y([’")), we can expand it in the two orthonormal systems His,) and Hiexp;
defined in (II1.3.1) and (II1.3.11) respectively, yielding

F= Z proj(FICX) = Z Z F()HE™. (IIL.4.1)

k>0 k>0 k+k

Using the representation of zonal polynomials in (II1.2.6), we write C, (X X" ) as a homogeneous polyno-
mial of degree 2k in the entries of X = (X;;), that is

CexxTy= > 28 1_[ 1_[ X

|a|=2k i=1 j=

where @ € N is a multi-index such that || = 2k and zX is an explicit constant depending on o and
k. Using the above representation of zonal polynomials in the generalized Rodrigues formula (II1.3.6), it
follows that

-1
H™ (X) ) 01 C@xaX Ty P (x)

),: (¢, n)(X)]_ Z Za 1—[ l_[ aXC’u (f ")(X)

|la|=2k i=1 j=1

oy z(,]_[]_[mxu)r a,,y( Xip).

|a|=2k i=1 j=

|
Jﬁ
~
—_—
NS NS

I
A
>~
—_—

I
A
x~
—_—
[NONI]
x

Then, using the classical Rodrigues formula for Hermite polynomials on the real line (II1.3.7) for every
i € [£],j € [n], we infer that

[y (X1 Xa,,y( Xij) = (=1 Hy, (Xi)),
1)

so that, using the fact that |a| =

— ii . n _1
HED (X) = 47 (2) 3oz |7 Hayy i) =4 C(5) D aHE X X,
K lel=2k =l = K lal=2k

n

:]N
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The above expression yields the expansion of H,Eg’")(X ) into multivariate Hermite polynomials and
implies in particular that H,E[’")(X ) is an element of the Wiener chaos of order 2k associated with the
vector X = Vec(X). The formula for the projection of F onto Cz)i in (I11.3.14) then follows summing over
all partitions of k. The fact that the projection of F onto Wiener chaos of odd order is zero follows from
the fact that the R.H.S of (III.4.1) does not involve any multivariate Hermite polynomials of cumulative
odd order since H\“"(X) € C;(.

In order to prove formula (II1.3.15), we use the identity (IIL.3. 8) and subsequently apply the polar
decomposition X = R'2U according to (III.2.13), yielding (dX) = 2 de t(R) v(dR)ﬂ(dU), (see
e.g. [Chi03, Theorem 1.5.2]). Therefore, we have from (I11.3.13)

1"()

Foo=cw™ [ FOOHED 006 () dx)

c(K) Ny 2y 2 foxxTHL =5 )2~ XX )etr (271 XXT) (dX)
RX"

() Ly (2m) P2 / / Fo(RIL
Oon,t) JPe(R)

Ly (2 —""/2/ RV 2 Ryetr (<27'R) ©
(k) ye(27) - OOLe 2 Ryerr (- )M)
1 (-2) (m=£=1)
_ R)L!
20T (5) kIC(Xe) Jop, v Jo(®)

(= _1) n€/2

det(R) "= v(dR) a(dU)

2"'Ryetr (-27'R) I’f o
(3

det(R)“= v(dR)

n/2

@' Ryetr (-27'R) det(R) "= v(dR),

where we used that /i is a probability measure on O(n, {) and the definitions of c¢(k) and 7y, in (II.3.11)
and (IIL.3.8), respectively. This finishes the proof.

Proof of Proposition I11.3.3

By Theorem I11.3.2, the Wiener-1t6 chaos expansion of F'(X) is given by

F(X) = Z Z F)HE™ (X), (111.4.2)

k>0 k+k

where F (k) is as in (II1.3.13). Computing the L*(P)-norm on both sides of (II1.4.2) and using the
orthogonality relation (I11.3.9) then yields

E[F(X)] = Z Z Z Z F()F(@E[H (XOHE™ (X))

k>01>0 «+k o+l

_ Z Z F(x)247k ( )K1 k!Co(I) = F((0))2 + Z Z F(x)247% (g)_1 KIC.(Ip).

k>0 x+k k>1 k+k

Since F ((0)) = E[F(X)], we obtain the expansion for the variance of F'(X),

VarlF(X)1 = > 3" F(xy4™ (g)_l KC) =Y > [4—’< (g)_1 k!CK(Ig)]_l E[FOOHS ()]

k>1 k+k k>1 k+k

( )K n

k>1 krk

where we used (I11.3.11).
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II1.4.2 Proofs of Section I11.3.2

Polar decomposition of Gaussian rectangular matrices

Let us assume that X has the Ny, (0,1, ®X) distribution with density function y(f ")(X ) defined in
(II1.3.18), and write X = R'/2U for its polar decomposition according to (I11.2.13). In the following
lemma, we compute the joint probability density function of the pair (R, U).

Lemma IIL4.1. If X ~ N« (0,1 ®Z) the joint probability density of the pair (R, U) is given by

fru)(RU) = det(2) "2 det(R) “* et (-27'UL'UTR). (II1.4.3)

T, (%) 2n€/2

Proof. Applying the polar change of variable X = R!/2U gives (dX) = r"(”) det(R) 2 e 1v(a’R),u(dU )
(see e.g. [Chi03, Theorem 1.5.2]), so that

nt/2

ys(X)(dX) = 75 <R”2U>r< )det<R>"’2“v<dR>ﬂ<dU>
_ 1 l L2 n-{-1 1 14T -
e )2nmdt(2) det(R)“ = etr (-27'UL™'U" R) v(dR) fi(dU),
where we used that etr (—Z‘IRI/ZUZ‘IUTRI/Z) = etr (—2‘1U2‘1UTR). O

The following lemma (see [Chi03, Theorem 2.4.2]) gives the marginal density functions of R and U,
respectively. These are obtained when integrating the joint density f(g u)(R, U) with respect to U and R,
respectively.

Lemma II1.4.2 (Theorem 2.4.2, [Chi03]). Assume that X ~ Nyxn (0,1, ®%) and write X = RV2U. Then,
the marginal density functions of R and U are respectively given by

1 s | n-t-1
2"[/2F5(%)det(2)€/20F0 (”_2 ) ’R) det(R) =, (I11.4.4)

frR(R) =

where

. . _ (al)K e (ap)/( CK(S)CK(T)
pFq(an....apiby....by:ST) = kZ_OZH:‘ B GO B0

denotes the hypergeometric function with two matrix arguments (see e.g. [Chi03, Appendix A.6]) and
fu(U) = det(2)"? deq(Uuz~'uT) /2. (I11.4.5)

The density function of U in (II1.4.5) is referred to as the matrix angular central distribution with
parameter £ on O(n, £). We also point out that, when £ = I,,, the matrix R follows the Wishart distribution
with density function

1
2P, (%)

n—{-1

0Fo (::-27" 1. R) det(R) etr (~27'R) det(R)“+

1
- 2MRT(%)
and the matrix angular central distribution of U reduces to the uniform distribution on O(n, {). Moreover,
it follows from (I11.4.3), that in this case, R and U are independent.
Combining (I11.4.3) with (III.4.5) we obtain the conditional probability density of R given U:
fruy(RU) 1
fuU)  Te% )2"5/2

In the forthcoming sections, whenever Z is a random variable, we often write Ez [-] to indicate mathe-
matical expectation with respect to the law of Z.

det(R)“ > etr (-2"'Uz'UTR) derus UM, (111.4.6)
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Proof of Proposition I11.3.4

We observe that the following relation holds
YO (X) = det(D) "2y m (x2712), (IIL4.7)

where y(f’”) denotes the standard Gaussian density on RO From the definition (I11.3.19) and the relation
(II1.4.7), it hence follows that

HE (G HE ™ (X 2)yE™ (X)(dX)

R¢xn

= det(x)fk+ti=t/2 H[Et’,n)(XZ—I/Z)Hé?,n)(Xz—l/z)y(f,n)(XE—I/Z)(dX)‘

RExn

Applying the change of variables ¥ = X212 we have (dY) = det(Z"V/?){(dX) = det(Z)~¢/2(dX) (see
e.g. [Mui82, Theorem 2.1.5]), i.e. (dX) = det(2)¢/2(dY), so that the integral above becomes

det(z)€k+t’l—€/2 / H[gf,n) (XE—I/Z)H((Tf,n) (X2—1/2),y(£’,n) (XE_I/Z)(dX)

REXxn

-1
= @ [ I @B @y D@ @) = Ty der(®PH4H(2) RC0),

R¢xn K

where we used (II1.3.9). This proves the statement.

Proof of Theorem IIL.3.5
The proof of Theorem II1.3.5 is based on the following key identity.

Lemma ITL4.3. Let A € C™C be a complex symmetric matrix with positive real part, B € C™¢ a complex
symmetric matrix and t € C such that R(t) > (€ — 1)/2. Then, we have

/ etr (~AR) det(R)'~ 7 LY (RB)v(dR) (I11.4.8)
Pe(R)

e+ NN (KD =
= (’y + T)K Ci(Ip)Tp(2) det(A) Z Z (0’) (v + %)O— C, (1) () Co(BA™).

s=0 ot+s

Proof. This identity follows directly from the definition of Laguerre polynomials in (II1.2.10): indeed by

linearity, it suffices to apply relation (II1.2.12) on each zonal polynomial C, appearing in the expansion
™)

of L. O

We are now in position to prove Theorem III.3.5.

Proof of Theorem I11.3.5. The fact that the random variable F(X) = det(XX7)"/? is an element of
L*(ux) follows from the following observation: Denoting by s1, . . ., s the eigenvalues of X X7, we have
that

4
1 1 .
det(XXT) = l_lsi = Z Siy - Si, = /R---/Rz!nm # 15, Vi # j € [ux(dn) ... ux(dic).

i=1 T #..#ip €[l

This justifies the decomposition into matrix-variate Hermite polynomials of F. We now prove formula
(I11.3.22). Using the definition of the polynomials H""™ (X; %) in (IIL.3.19) and the relation (IIL.3.8), we
obtain from (II1.3.21)

F:3) = e D) " Bx [FOOHS™ (X;3)]
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n-{-1
= c(k;X) " det(2)*y,Ex [F(X)Li 07 X=X |, X ~ Npwn (0,1, OF).

Applying the polar decomposition X = R'/2U and noting that F(R'/2U) = det(R)!/?, we have

F(;2) = c(k:2) " det(2) %y Eru) [det(R)l/zL T IRy UTRI/Z)]
= (k) det(X)*y, Eru) [det(R)l/zL = (2 vz~ UTR)]
n— -1
where in the last line we used the fact that L = (2 IR2ys-1yTRY2) = L7 2 lus-1UTR),

which is a consequence of the permutation invariance property (I11.2.9) of zonal polynomials appearing
in the definition of matrix-variate Laguerre polynomials (I11.2.10). By conditioning on U, we can rewrite
the above expectation as

Eru) [det(R)l/zL T lys- UTR)]
= By [Brw [der®) 2L @S UT R | = By 200s D)),
where
Z.(U;X) = Ery [det(R)l/zL = ‘o Uz~ UTR)]
so that
F(;2) = c(k; )" det(R) *y By [Ze (U3 D)]. (I11.4.9)

We start by computing Z,(U; X). Using the conditional probability density of R given U in (I11.4.6), we
have

fru)(RU)

Z,(U;%) = / det(R)l/zL = (2 lws1UTR) v(dR)
Pr(R) f )
14 n—-{-1
= det(R)l/zL ST (2 lyz-1y” det(R) 2 etr (-27'US'UTR
/Pf(R) F( ) 21/ ( )
x det(UZ'UTY?y(dR)
= / det(R)" 2 L. S 0y ' Ryetr (~27'UL'UTR) v(dR)
Pe(R)
1 T\n/2
r( )2nmdet(U2 uTy
. 1 1 T\n/2
= )znmdt(Uz luTty 2. 1.(U; %), (I11.4.10)
where
n—¢ n—£-1
L(U;3) = / det(R)**°Ly * '@ 'L 'UTR)etr (~27'US'UTR) v(dR). (IIL4.11)
Pe(R)

Exploiting the identity (II1.4.8) withy = (n =€ —1)/2,t = (n+ 1)/2and A = B = 27'UZ U7 yields

LWU;Y) = ( )C(I[)ZZ(K)((—%l)():cailf)(n;l)drg(n;-1)

s=0 o+s
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xdet2 luz~luT)y~"+D2¢c_(1,)

)ZZ() (2)0

(T

det(z—‘Uz—lUT)—<"+‘)/2(g) ck(If)rg(
K

det(Uz'UT)" (n+l)/22£’(n+1)/2( ) C. (If)rg(n+ 1)22( )(_ )s(n+1)(r

s=0 OFs )or

det(uz~'UT)~"D2 . 4,

where

d, —2t’<n+1>/2( )c(lg)rg(””)zklZ( )(—) Tl)‘f. (IT1.4.12)

)
s=0 oFs 2
Replacing this expression into the R.H.S of (II1.4.10) eventually gives

1
Le(5) 2002
1

1
_ s-1yTy-1/2.
dy—— F( )2,%/2 det(UT'UT)~

Z(U:Y) det(UT'UTYV? deq(uz~'UT)~+D/2 . g

Taking expectations with respect to U gives from (111.4.9)

F(x:%) c(k;2) " det(2)*y, By [Z (U 2)]

c(; )7 det(2) Ky, d, Ey [det(UZ—lUT)—l/z] '

1
[e(3) 2072

The expectation with respect to U is computed using (I11.4.5),

Ey [deqwz™'0") 7] = / det(UE'UT) V2 f,(U) i(dU)
O(,n)

det(2)~¢/? / det(UE~'UT)="*D/2 g(qu).
O(,n)

Replacing this expression into the previous relation, we conclude that

1 1
“Tu(3) 2772

1 1 1
= det(Z _€k4k(ﬁ) —det(x)"? Ay —————
) ey TV @y e

F(;2) = c(k; )" det(2) 52, / det(UE'UT)" D72 g(qu)
O(t,n)

/ det(UE~'UT)" D2 gqun,
O(n,t)

where we used the definition of c(k; X) in (II1.3.20). Combining this expression with the definitions of
v« in (I11.3.8) and d, in (I11.4.12), yields after simplications

_ ( 2)k (n+1)0_
Fla2) = det(Z)fkkv( ) ZZ( ) o

=0 ots

n+l
x det(Z)~ ”bfsz) det(UE~'UT)" D2 gqu),
Le(3) Jome

which finishes the proof. O
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Proof of Theorem II1.3.6

In order to prove (I11.3.23), it is sufficient to prove the relation

Te("F)
det(x) (/222 —2 - det(U~ 10Ty~ D2 du)
Le(3) Jowme
(n)e

since then (I11.3.23) directly follows after combining (I11.4.13) with (I11.3.22). Let us now prove (I11.4.13).
A direct computation shows that

n/2

2{/21"{(7174-1) _ (n)f Kn T

(%) Qm)i2kng T a2y (IL.4.14)

Since the mixed volume on the R.H.S of (II1.4.13) only involves the convex bodies &5 and B,,, we can
use (II1.2.18) to represent it as an intrinsic volume,

Kn

V(Es[L],B,[n - £]) = (T‘)"vf(az). (IIL.4.15)
s

Using the integral representation (I11.2.16) for the £-th intrinsic volume yields

n\ «

Ve(Ez) = (5) . / Vol (Es| U YV e(dU),
KeKn—t JG(n,0)

where v, ¢ is the Haar probability measure on the Grassmannian G(n, ¢). Combining this with (II1.4.14)

shows that the identity in (II[.4.13) is equivalent to

1
det(x)~¢/? / det(Uz'UT)~" D2 gquy) = — / Vol (Ex| U ) Ve (AU ). (I11.4.16)
on,0) G(n,t)

Ke

Therefore it remains to prove (II1.4.16). We rewrite the L.H.S of (II1.4.16) as follows

/ det(Uz'UT) 1?11, ,(dU) = / det((UZ'UT17H11,, . (dU),
on,l) on,t)

where T1,,,(dU) = det(2)~¢/? det(UZ~'UT)™/2i(dU) is a probability measure on O(n, £) by virtue of
(II1.4.5). We now argue that

/ det((Uz~'uT1™H210,, (dU) = / det(UZUT)Y?11,, +(dU).
O(n,t) Oo(n,0)

In order to see this, let us write & = OAOT for O € O(n),A = diag(Ay,...,4,). Then, we have
det(UE'UT) = detWA™'WT) with W = UO € O(n, £) since WWT = UOUO)! = 1,. Therefore, it
suffices to consider the case where ¥ = A is diagonal. Moreover, since W € O(n, £) we have that for every
Q € 0(0), (OQW)(OW)T = QWWT QT = 1,, that is, QW € O(n,€). This implies that, up to rotating
the matrix W = UQ, we can assume that the rows of W coincide with the ¢ first canonical basis vectors
ei,...,ee in R"™. Then, we compute

4
det((WA™'WTT™) = det(WA'WT)~! = (]—[ /171)
i=1
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Therefore, integrating on O(n, ) and noting that I1,, ,(d(QU)) = 11, ,(dU) forevery Q € O({), yields the
claim. Now, since I1,, ¢ is left-invariant by orthogonal transformations, it can be viewed as a probability
measure on O(n,£)/O() ~ G(n,{), where two elements U, U, in O(n, ) are equivalent if and only
if there exists O € O({) such that U; = QU,. Thus, since v, ¢ is the unique left and right-invariant
Haar probability measure on G(n, £), it must coincide with IT,, ;. Writing % for the £-dimensional linear
subspace generated by the rows of U, we have that the matrix UXU” represents the ellipsoid Ex|% of
volume vol,(Ex|%) = ke det(UXUT)/2, implying in turn

1
/ det(UZUT)?1,, 0 (dU) = / —VOoly (Es | U Ve (AU).
omn,0) G(nt) Kt

This proves (I11.4.16) and thus (I11.4.13). Formula (I11.3.24) follows from (I11.3.23) and relation (I11.4.15).
Formula QII.3.25) is obtained when setting x = (0) in (II1.3.23) and (II1.3.24), respectively, and using the
fact that F((0);X) = Ex [F(X)].

1I1.4.2.1 An attempt at generalizing to distinct covariance matrices

In this section, we try to generalize the results of Theorem II1.3.5 and Theorem III.3.6 to the more
general setting where the rows of X are independent Gaussian vectors with distinct covariance matrices.
Let {X; € R™" : i € [£]} be positive-definite symmetric matrices and {X @ = (x l(i), .. .,X,(f)) (i€ [f]} a
collection of ¢ independent Gaussian vectors with respective covariance matrices Xy, ..., X,. We write
X for the € x n matrix whose i-th row is X©. Then, the vector Vec(X”) has the multivariate normal
distribution N, (0, Q), where

{
Q= ele ®E =diag(Xy,...,Z¢) =21 D ... D X,
=1

4

with e; € R¢ denoting the i-th canonical basis vector. The density function of X is given by
1
ya(Vec(XT)) = (2m) /% det(Q) ™/ ?etr (—EQ_IVec(XT)Vec(XT)T) .

If X is distributed as above, a computation shows that the ¢ X n matrix
Yx = (Ir ®Vec(X")TQ7%)(Vec(Iy) ® 1)

has the standard matrix normal distribution. Therefore, we consider the matrix-variate polynomials
HE (X Q) = det(@QFHE™ (Yy),  «+ k (111.4.17)

satisfying the orthogonality relation (similar as in the proof of Proposition I11.3.4)

-1
HE (X Q) HE™ (X Q)ya(Vee(XT))(dX) = Ly -det(@)”‘f"(%) KIC (L),

R¢xn

and thus the family
1/2 gy (6,n) ok k(M)
Ho = {c(c Q7 PHED Q) sk k k2 0}, c(x:Q) = det(@)%4 (5) KIC (1))
K

forms an orthonormal system of Lz( Ux), where, as usual, px indicates the spectral measure associated
with XXT. Expanding the function F(X) = det(XXT)!/? € L?>(uy) in the basis Hq, using the relation

ya(Vee(XT)) = det(Q) /2y ()
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and the definition of H,Eg’") (+; Q), we have that the associated projection coefficients are

F(;Q) = c(k;)7! / FOOH™ (X; Q)ya(Vee(XT)) (dX)

det(Q)k~1/2 / FX)H™ (Yx )y “™ (Y ) (dX)
R{xn

——|
det(Q)*1/2y, / FOOLL T ' YD) @m) e (<27 Y YY) (dX).
Rd’x

The idea is now to perform the polar change of variables X = R'/2U. In order to do so, we compute
tr(Yx Yy ):
tr(Yx Vi) = tr(Q7'Vee(XT)Vec(XT)T) = Vec(XT)T Q7' Vec(xT)
¢ ¢
= Vee(X)' 3 (ere] @ 271) Vec(X™) = > Vee(X")" (ese] ® ") Vee(x).

i=1 i=1
Then, using the relation Vec(S)” (BD ® E)Vec(S) = tr(DST ESB) (see e.g. [GNOO, Theorem 1.2.22]),
we obtain

S

4
ar(YxYyl) Z Vee(X")T (ere] @ 27!) Vee(x™) = > tr (e RV2US'UT RV 2e;)

i=1

4 14
Z (eief RM*UL'UTRY?) = tr(Z e,-eiTRl/zUZilUTRl/z).
i=1 i=1

The difficulty to proceed now is the following: the above computation suggests that we cannot write
tr(Yx YT) as tr(AR) for some matrix A, due to the fact that one cannot exploit the permutation invariance
of the trace in view of presence of the matrlx e; e . We remark that, when X; = X foreveryi = 1,...,¢, the
above formula gives tr(Yx Yy "y =, UL'U T) = tr(UZ~'UT), which coincides with our computations
in the proof of Theorem II1.3.5. This observation makes it in particular difficult to directly apply the
integration formula (II1.2.12), and thus hints to the fact that the polynomials H,Ef’")(-; Q) are not easily
amenable to matrix calculus.

I11.4.3 Proofs of Section I11.3.3
Proofs of Theorem II1.3.10 and Theorem II1.3.12

Our proofs of Theorem III.3.10 and Theorem III.3.12 involve auxiliary polynomials introduced by
Hayakawa in [Hay69]. For X € R and A € R™" symmetric, we consider the polynomials P, (X, A), « F
k defined by (see [Hay69, Eq.(34)])

(=D*

etr (—-XX") P(X, A) = —2

etr (—2iXUT) etr (—UUT) C (UAUT)(dU). (111.4.18)
R€Xn

These polynomials have the following properties (see e.g. [MPHO95, p.229] and [Hay69, Section 6]).

Lemma IIL.4.4. For every integer k > 0, every k + k and every symmetric A € R™", we have

P(X,1,) =2 (g) HE™ (V2X) (111.4.19)
/ Po(XH, A)fi(dH) = / P(X, HAH")i(dH) = C(4) Po(X,1,) (111.4.20)
Oo(n) o) Ce(I)

P((X,A) =Ey [CK((X +iV)AX + iV)T)] , Vo~ Nesn (01, /2®15). (I11.4.21)
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In order to prove Theorem II1.3.10, we shall first show the following Lemma, linking the conditional
expectation of H,E[’") with the polynomial Py.

Lemma I11.4.5. Let k > 0 be an integer, k + k a partition of k and A = diag(d,, ..., d,) a diagonal
matrix with |d;| < 1 fori =1,...,n. Then, for Xo ~ Nexn (0,1, ® L,), we have for every X € RO,

A X
EXO [ngg’n)(XA + XO(In _AZ)I/Z)] =2 k (E)K P, ($,A2) . (IH422)

Proof. For W = (W;;) € R we use the implicit representation (I11.2.6) of C,(WW7) as homogeneous
polynomials of degree 2k in the entries of W,

Cwwh= ) za]—[l_[
la|=2k =1 j=
Then, using (I11.4.21) with B = diag(by, ..., b,) such that by, ..., b, > 0, we can write

P.(W,B)

Ey [CK((W +iV)B(W + iV)T)]
Ey [c (WBY2 +ivB 2y (WB'? + iVBl/z)T)]

5, & [T T2 (s )|

|a|=2k I=1j
- Z Za 1_[ l_[ ball/zEVlJ [(WZJ +iVij) ll]] :
|a|=2k I=1

Using the one-dimensional representation of Hermite polynomials as Gaussian expectation,
By, [(Wyj + Vi) | = 2792 o, (N2W)
leads to

pil2y-a; ?H, 1 ‘/_Wlf

g

P«(W,B)

t n
2k 111 b7 Hagy, (N2Wi). (I1.4.23)
Applying (II1.4.23) with W = X/ V2 and B = A?, yields
. > =[]
P, (— Az) =27k X dY He, (Xi)). (I11.4.24)
‘/5 la|=2k =1 j=1 ! !
On the other hand, applying (II1.4.23) with W = (X/ V2)A + (Xo/ V2)(I,, ~A%)!/? and B = I,,, we have

X .
(\/_ +7(I Az)l/z,ln) Y (,]—“—[H% (d X + dJ%XO,,J-). (IT1.4.25)

|a|=2k =

Taking expectation with respect to X in (I11.4.25), we infer

Ex, [H" (XA + Xo(I, —A%)'/)]
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-1 X

= 2% E 0[ (—A+—(I A2)1/2,1n)] (by (I11.4.19))
N v ’
-1

= ok Ex, |27 ) zal—“_lHal (d X+ A1 - XO,,) (by (I1.4.25))

la|=2k =1 j=
I_IEXOJJ [ oy (d X+ 41— sz.Xo,lj)] (by independence)

d;”-" Heap (X;5)  (by (I113.32))

2k 25

which proves relation (I11.4.22). O
We are now in position to prove Theorem II1.3.10.

Proof of Theorem I11.3.10. In order to prove (II1.3.33), we use Fubini and apply (II1.4.22) with A = ¢4
and integrate both sides with respect to the Haar measure on O(n) to obtain:

O HS(X) = B

/ HE (X He ™™ + Xo(1,, —e_ZtA)l/z)ﬁ(dH)‘X]
O(n)

/ E [H,EK’")(XHe"A + Xo(I, —e_Q’A)l/z)‘X] f(dH)
O(n)

k(1 - XH 54\ -
2 (Z)K /om)PK(\/i’e )'u(dH)

1 C -2tA C -2tA
2_k( ) (e )PK( ,In) _ G
2/ Ce(Iy) V2 Ce(In)
where we used (I11.4.19) and (I11.4.20). This finishes the proof of the first part of the statement. Let us

now prove the second part: Assume first that A = diag(a,...,a) and let f € I1({, n) (see (II1.3.30)).
Then, one has that

HM(X),

oLV f(X) = / E [ fle™XH+ V1 - e‘Z“’XOH)‘X] G(dH)
O(n)
/ [f(e “UX +Vl-e 2arxo)'x] a(dH) = P £(Xx),
O(n)

where we used the facts that X d XoH for H € O(n), f is an element of I1(£, n) and ji is a probability
measure on O(n). Finally, if the a;’s are not all equal, then arguing as in Remark I11.3.11 (b), one can
derive a relation contradicting the semigroup property of O([ n, O

Proof of Theorem I11.3.12. We proceed in two steps. In view of Remark III.3.13, the matrix R is
necessarily symmetric and has non-negative eigenvalues. We start by showing that (II1.3.36) holds for
diagonal matrices R = diag(ry,...,r,). The statement for arbitrary symmetric matrices will then follow
from the diagonal case by a reduction argument.

Step 1: R is diagonal. Let us first assume that rq,...,r, > 0. Since X 4 XH,H € O(n) and using the
fact that H,Eg’")(XH) = H,Ef’")(X) for every H € O(n) (as can be seen e.g. from (II1.3.5) or (II1.3.8)), we
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have

E[HS (XOHE™ (XR + Xo(L, -RH)'/%)]
= E[HS (OB [HE™(XR + Xo(T, -RY)'/)|X ]

- E HS"(XH)E [HE™ (XHR + Xo(I, -R)')|X | ﬂ(dH)]
O(n)
- E [H,Ef’”)(X)E HE (XHR + Xo(1, —R?) V%) ﬁ(dH)'XH (111.4.26)
O(n)

= B[HSV OO0 HE (0],

where R, := diag(In(1/ry), ...,In(1/r,)). Then, exploiting the action of Ot(;t;?’:) on matrix-variate Hermite
polynomials given in (I11.3.33) we infer

E[H™ (X)HE™ (XR + Xo(L, —R)'/?)] = Cule™™) [HEP OHE™ (%)
K o n CK(In) K o
_ G (R) () (tn) _ k(7! 2, Ce)
= S B [H M OHED (0] = L - 47(5) G ES,

where we used that e=>®+ = R? and the orthogonality relation for Hermite polynomials (I11.3.9). If some

of ri,...,r, are equal to zero, the conclusion remains valid, as in this case, from (I11.4.26), we can use
(I11.4.22) and (I11.4.20) yielding the same conclusion.

Step 2: R is symmetric. Since R is symmetric, there exists O € O(n) such that R = OAROT, where Ag is

diagonal. Moreover, since R?> = OA2 0", we have
I, -R* =1, -0A%0" = 00" - 0A%0" = O(1,, -A%) 0"
yielding (I, —R*)!/? = O(I,, —A%)'/>0T, as can be seen from the computation
[0, A 20" = [0, -A%) 20" N[00, ~AR) 12071 = 0L, ~AR)O" =1, -R*.
Exploiting once more the fact that H,EZ’")(X 0) = H,E[’")(X ) for every O € O(n), we have
E[HS ™ (XOHS™ (XR + Xo(I, -R)')]
E[HS ™ (XOHE™ (XOARO™ + Xo0(I, ~AR)'20T)]
E[H™ (X)HE™ (XOAR + X001, —A%)?)0T)]
E [H™ (XO)HE™ (XOAR + X00(L, ~AR)')]
E [H™ OHS™ (XA + Xo(L —AR)'7)]

Hy
H

where the last equality follows from the fact that the pair (X, Xo) has the same distribution as the pair
(X0, Xp0). Since Ap is diagonal, we can apply the conclusion of Step 1 to infer

Ci(Iy)
Cie(In)

[H(fn)(X)H([n)(XAR_’_XO(I —A )1/2)] :]lk:o"4_k(g) k'C (A )

Ce(y)

-1
=1y -4—’<(E) kIC,o(R2 ,
2/ ( )CK(In)

where in the last line, we used the fact that C (A ) =Cy (OA2 OT) = C((R?). This finishes the proof. O
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I11.4.4 Proofs of Section I11.3.4
Proof of Proposition I11.3.16

The variance of the total variation is obtained from (II1.3.41). Using the orthogonality of Wiener chaoses,
the variance of V(fz; U) is computed to be

Var[V(j,; U)] = Var

Z V(i U)[2k]} - Z Var[V(f,; U)[2k]] (I11.4.27)

k>1 k>1
where

VarlV D)2k = 3 Y B0086e) [ B [ G0 HE ] dds'

k+k o+k

with &)(K) as in (II1.3.26). Now, in view of (I11.3.42), we can apply Theorem I11.3.12 with R = R(z, 7")
to infer

-1
() o n) sr s mn] k(T 2y Cedy)
B [H G HE ()] = Lo -47(5) RC(RG DD XA
yielding
C.a
Var[V (i U)K = Y B0 (4 ) e | Cu(R(2)dads
Ce(In)
k+k
The relation in (I11.3.43) then follows from (I11.4.27).
Proof of Theorem II1.3.17
The Wiener chaos expansion of V(T(g) T3) is given by (I11.3.41):
E,
V(T T = ( ) ZV(T;"),T%[%] (111.4.28)

k>0
where for k > 0,

V(T T2k = ) B(k) / H (jacyo (2))dz

Kkrk
and (T)(K) is as in (II1.3.26). In particular, for £ = 0, we have by (I11.3.27),
272 €2
E ~ E Iy(2
E[V(T):T%)] = (—) D((0)) = (—) g2 le@
3 3 rf(z)
which proves (111.3.49).

Second Wiener chaos component. The second Wiener chaos of V(T([) T?) is given by

€2 .
V(T T[] = (E?) &)((1))/ HGY (acyo (2))dz. (IIL.4.29)
T3 "

In the following lemma, we establish the asymptotic variance of the second Wiener chaos in the high-
energy regime:
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Lemma II1.4.6. Asn — oo,n # 0,4,7 (mod 8), we have

t 2
st ) 2
%) n

(1 + O(n—1/28+0(1))) .
Proof. Since, for every z, 7" € T, we have

5 1 5 i/ En B n ’
E[6;13"(2) - ;T (2)] = Lizir - (?) r(z -2 (I11.4.30)

we note that the matrices jE::Tm (z) and jE::Tm (z’) are such that
~ n\od = , 2172
JaCTEf)(Z ) = JaCT%)(Z)Rn(Z -2+ Xo(Iz3 =R, (z - 7)) "7, (111.4.31)

where Xo = Xo(z, z’) is an independent copy of JEETM) (z) and the matrix R, (z — z’) is given by

E,\7 82
R.(z-7):= (F;f'j),(z - z')) f](-’"j),(z -z7'):= (—) r™(z - 2.

P EB) 3) 0z;0z
Indeed, by (I11.4.31) it follows by Remark III.3.13 part (a), that
B[GT () 6T ()] = Ly - Pz = 2,

which is (II1.4.30). In particular, the variance of the second Wiener chaos component is computed by
Proposition I11.3.16,

t -1
(E") @((1))24-1@) Cndo Cay(Ru(z — 2)P)dzdz’

Var|[ V(T T9)[2] -
[ n ] 3 271 Cay3) Jrawrs

l
(ﬁ) B((1)412L / tr(Ru(2)2)dz
T3

3 33
14
= (ﬁ) B((1))° L / tr(Ru(2)%)dz, (I1.4.32)
3 18 Jos

where we used that C(1)(A) = tr(A) and stationarity of T,(f) to reduce integrations on T3x T3 to T3. A
direct computation gives

rRa = Y. (@)

J.J €3]

Now, in view of (I11.3.44) and (I11.3.47), we have

n En - 1
7 (2) = (—) (A2 D ().

3 " deA,

Integrating over T2 and using the orthogonality relation for complex exponentials on the torus

/3 ea(z)dz =1, (111.4.33)
T
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then yields

/ tr(R, ()} dz
T3

)
= /T > (f}f’j),(z)ydz:(%) > 167rA7 >4 /ljzl/em,(z)dz
Joe]

3
J-J'€l31] n AVeAN,

AREPR
- (%) ot X S 35

J.J' €3] 1eA, J.j'€l3] 1eA,,
9
IR
n J.J €3]l 1eA,

Now, using the relation (see e.g. [Cam19, Appendix C])

1 2 1 1 —1/28 1
2N, 2 A4y = 5li=r ¥ g lin + O 2ol

el
gives
9 (3 6 9
2 _ -1/28+o0(1) -1/28+o0(1)
[p r(Ry(2))dz = - (5 + =+ 0 )) (140 ),

so that, computing ®((1)) = 25/2?7(?) from (I11.3.26) gives by (I11.4.32)
(3

Var|[ V(T T9)[2]] = (%) cp((l))zﬁNi (1 + 0@/

4 2
_ (ﬁ) 25F€(§) 4 (1+0(u 1728+
3 Le(5)2 2Nn

which finishes the proof. O

Higher-order chaotic components. We prove the following statement, dealing with the variance of the tail

of the Wiener chaos expansion of V(Tﬁf); T3).

Proposition IT1.4.7. Asn — co,n # 0,4,7 (mod 8), we have

Var Z V(T TH[2k]| = O(ELN, ) = o (Var [V(T;[);T3)[2]]) . (I11.4.34)

k>2

In particular, as n — oo,n # 0,4,7 (mod 8),
V(T T?) = V(T T9)[2] + 0p(1), (I11.4.35)

where op(1) denotes a sequence of random variables converging to zero in probability, that is, in the
high-energy regime, the random variable V(Tﬁf) :T3) is dominated in the L*(P)-sense by its projection
on the second Wiener chaos.

The proof of Proposition II1.4.7 is based on a suitable partition of the torus into singular and non-
singular pairs of cubes, as already exploited in Appendix II.E of Chapter II (see also [ORW08, DNPR19,
PR18] for further references using this approach).
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We now describe this partition for the convenience of the reader. For every n € S3, we partition the
torus into a disjoint union of cubes of length 1/M, where M = M,, > 1 is an integer proportional to VE,,
as follows: Let Qp = [0, 1/M)?3; then we consider the partition of T3 obtained by translating Qg in the
directions k/M, k € Z3. Denote by P (M) the partition of T that is obtained in this way. By construction,
we have that card(P(M)) = M?>. Let us now denote by

V(T(f) T3)[4+ = ZV(T(f) T3) [2k]
k>2

the projection of V(T([) T3) onto Wiener chaoses of order at least 4. By linearity, we can write

VI TH4 = Y VT Q)] (e 3] (I11.4.36)
QeP(M)

where V(Tﬁf); Q) denotes the total variation of Tﬁf) in the cube Q. From now on, we fix a small number
0 < < 107! In the forthcoming definition, we define singular pairs of points and cubes (see also
Definition II.E.1). Recall the notations

52
(n) 7 (n) . (n) s
(z) = c?z, (@), 17 (2):= 6ZiaZ]’r (2), (G, J)) €[3]x[3]

Definition I11.4.8 (Singular pairs of points and cubes). A pair of points (z,z’) € T3 x T is called a
singular pair of points if one of the following inequalities is satisfied:

= >n, =D > nVE/3, I (2= 21 > nE./3

for (i, j) € [3] x [3]. A pair of cubes (Q, Q") € P(M)? is called a singular pair of cubes if the product
Q X Q’ contains a singular pair of points. We denote by S = S(M) c P (M)? the set of singular pairs of
cubes. A pair of cubes (Q, Q") € S¢ is called non-singular. By construction, P (M 2 =8SUS°.

For fixed Q € (M), let us furthermore denote by B¢ the union over all cubes Q” € (M) such that
(0,0 € 8. Arguing as in (IL.E.2), we have that

Leb(Bp) = O(R,(6)), (111.4.37)

where R,,(6) = fT3 [r™(2)1°dz. In view of (II1.4.36), we can thus split the variance into its singular and
non-singular contribution as follows

Var [V(T,”: T9)[4°1]] ‘{ 20t 2 }E[V(T“) 041 V(T 0)14] = AY + A
(0,0YeS  (Q,Q)eS¢

The contributions to the variance of the terms A(‘)), Jj = 1,2 are given in Lemma I11.4.9 and I11.4.10 below.
The combination of both results proves Proposmon 11.4.7.

Lemma II1.4.9 (Singular part). Asn — oo,n % 0,4,7 (mod 8), we have that
ALY = o (Var[ V(T THI21]) .

Proof. Using the triangle inequality, the Cauchy-Schwarz inequality, and (I11.4.37), we can write

8@ < > JVar[VrL: o)) yVar [V(T: 091441
(Q,0"€eS
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< EyR,(6) - Var[V(T}; 00)[471], (IIL.4.38)

where we exploited stationarity of Tﬁf) and where Qg denotes the cube around the origin. Now we notice
that
Var[V(T,; 00)[4*1] < Var|[V(T}; Q)] < E[V(T};00)*] -

By definition of the total variation (I1I.3.46), we can write
E,\’ — —
E[V(Ty:00)°] = (—) / E [®(jacye (2))(acye ()] dzdz’.
3 n n
Q0xQo

Now for every fixed z, z’ € Qp, we have by the Cauchy-Schwarz inequality

E [@(acyn ()@ (acyo ()] < B [@Gacye (20)2] B [@(acy (2))?] = E [0N)?] = 0(1),

where N 4 Nex3(0,Ip ® I3). Therefore, bearing in mind that Leb(Qqg) = M 3= O(E,f/ 2), it follows that
E[V(T}:00°] = 0 (E;M~%) = O(E;™).

Combining this with the estimate in (IT1.4.38) yields [A()| < E3R.(6)ES™ < E{R,(6). By [BM19,

Eq.(1.18)], we have that R, (6) < N, **°M asn — co,n # 0,4,7 (mod 8). Combining this with the
estimate in Lemma I11.4.6 yields the desired conclusion. O

Lemma II1.4.10 (Non-singular part). As n — oo,n # 0,4,7 (mod 8), we have that
A8 = o (Var[V(Ti; T(21]) .

Proof. Using the expansion in matrix-Hermite polynomials and arguing as in the proof of Proposition
I11.3.16, we have that

~ [\, Cep)
A < BN B4 (E) ME TS > / |C(Ra(x = 1)) dxdy.
k>2 krk K «\3) (0,00 ese /OxQ’

Now for a matrix S € C"™™_ we denote by p(S) := max(|11],...,|4]), where A; denote the eigenvalues
of S. We now use the following two facts: (i) For every partition « + k, every matrix § € C"™ and
every x such that p(S) < x, one has that |C,(§5)| < xkCy (1) (see for instance [MPH95], p-197) and (ii)
by Gerschgorin’s Theorem (see for instance [GR14], p.1084), writing S = (s;;),

m m
p(S) < min (iff,l?.’fm ; Isijl,jzlll}?fm ; |Sij|> =: p(S).
Applying the facts above with the symmetric matrix § = R, (x — y)? and x = 2/5(S) yields

~ . (n\"! . k

A < BN B4 (5) KCd) Y / (28R (x = 1))" dxdy. (I114.39)
k>2 krk K (0,0 e8¢ ¥ OxY’

By definition of g and the triangular inequality, we have that

3
~ 2 ~(n) ~(n)
2p(Ru(x = y)?) < 2 max. ; |7 e = | [F (e = ), (I11.4.40)
Jl=



Chapter III. Matrix-Hermite Polynomials and Random Determinants 140

which is bounded by 1872 < 1 on the non-singular regions. Combining this with the fact that we are
summing over integers k > 2 yields

B k
/ (28(Ra(x = )P))" dxdy
(0.0)ese /2

=y /Q , (26(Ra(x = 9)7) 7 (28(Rax ~ 3)%) dxdy
(Q.0")ese ¥ O*Y

< [ (ptra@2) az
3

Combining (II1.4.40) with the Cauchy-Schwarz inequality and the estimate

[ r@rra: = o, px 1
™ "

where the constant involved in the *big-O’ notation depends only on p (see Lemma II.E.2 in Chapter II),
we deduce that

/ (B(Ru(2)%))” dz <</ max
- " 13 i1=1,2,3

Therefore, in view of the estimate (I11.4.39), and the fact that ® € L?( ux) for X ~ A5, (0,1, ®1,), we
conclude that

@ ma PP de= [ max [P O de < Ry,

_ -1
AD| < EfRa#) D D247 (g) kIC (L) < ELR,(HE [0(X)?] < ELR,(4).
k>2 krk K

Now, the Cauchy-Schwarz inequality implies that

1/2
R (4) = / [r™(2)]*dz < ( / 3 [r™(2)]%dz / 3 [r<">(z)]6dz) = VRL(2)R(6).
T3 T T
Using the estimates (see [BM19, Eq.(1.16) and (1.18)])

1 _
Ra2) = < Ra(6) < N, oMy 5 oo,n 20,47 (mod 8)

n

implies that VR, (DR, (6) < N, ****). The fact that E{N;,*/***" = o (Var[V(T}, T%)]) follows
from the order of the variance of the second Wiener chaos in Lemma I11.4.6. O

Limiting distribution of the normalized total variation. The next proposition establishes a CLT in the
high-frequency regime for normalized version of the second chaotic component of the total variation

V(T TH[2]
\/Var [V(r©:m)12]]

V(T TH[2] = (I11.4.41)

Proposition II1.4.11. Asn — oo,n # 0,4,7 (mod 8), we have

VIO ™21 S N, 1),
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Proof. The expression of V(T(f) T3)[2] is given in (II1.4.29). Normalising that expression by the square
root of the order of the variance in (II1.3.50) yields

\/E\/A_{n ,3) i
R

V(T T3)[2] = ) Gacpo (2))dz.

Using (II1.3.16), we can rewrite

t 3
H((f) UaCT(D(Z))— ZZHz(éjTék)(z)),

k: Jj=1

Now, for every k € [£], we write Hy(u) = u* -1 and exploit once more the orthogonality relations for
complex exponentials on the torus (I11.4.33) in order to write

Z / Hy (3,1 dz = Z / T(k)(z) ]dz

3
A > 2aal -= - Z(Iaul - 1),

" deA, Nu AeA,

M- T

where we used that /l% + /lg + /lg = n, so that

¢
ﬁ\iﬁ /’]Fz H 3)(]ac (e)(Z))dZ = L1 Z 1 (lag.a” 1)

V(1O (2] & AP
k=1 n peA

\9)

n

Z \/— . D (axal> =, (I11.4.42)

€N/~

where A,/ - stands the equivalence classes in A, obtained by identifying A with — A, sothat|A,, /| = N, /2.
Note that the random variables {lak, W=1:2€eA,/ N} are i.1.d, centered and have unit variance. The
classical CLT thus implies that, as n — co,n # 0,4,7 (mod 8),

4 4
Z — > (axal =D 53z,
=1 k=1

/leAn /~
where (Z1, ..., Zy) is a standard Gaussian vector. The statement then follows from (I11.4.42). O

End of the proof of Theorem I11.3.17. Relation (I11.4.35) implies that the second chaotic component of
the total variation dominates the Wiener chaos expansion in (II.4.28). In particular, (II1.4.35) implies
that, as n — oo,n # 0,4,7 (mod 8)

Var[V(T,: T%)| = Var[V(T;): T)[2]] (1 + o(1)),
and that the normalized sequences of random variables
(V) nessh, {(VTim)21:ne ss)

defined in (I11.3.48) and (I11.4.41) respectively, have the same limiting distribution. Combining this with
the asymptotic variance for the second chaos in Lemma II1.4.6 proves the variance estimate in (I11.3.50).
Finally, the CLT in (II1.3.51) for the total variation follows when combining (II1.4.35) with the content of
Proposition I11.4.11. This concludes the proof of Theorem I11.3.17.
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Appendix III.LA  Proof of Proposition II1.3.1

We recall that L?( ux) = L*(Q, 0 ( ux), P), where o (ux) is the o-field generated by random variables of
the form

/ S (x)px (dx)
R

where f is a finite linear combination of trigonometric functions of the form cos(ax), sin(bx) with
a, b € R. Since f(x) is equal to the limit of its Taylor expansion for every x € R, and since the support of
Ux consists of at most £ points, we deduce that o(ux) is generated by random variables as above where
f = pis a polynomial. Our goal is now to prove that, if F € L?(ux) is such that B [F H,gf’")(X )] =0
for every « + k and every k > 0, then F = 0, P-almost everywhere. In order to obtain the desired
conclusion, we will use the following three facts: (i) zonal polynomials can be expanded into a finite
linear combination of matrix-Hermite polynomials (see e.g [Chi92, Eq.(4.12)]), (ii) the product of finitely
many zonal polynomials is a finite linear combination of zonal polynomials (see (I11.2.8)) and (iii) every
monomial of the form #;(X) := tr([ XX ]¥) = s'l‘ +...+ s? (where s, ..., s¢ denote the eigenvalues of
XXT) can be represented as a linear combination of zonal polynomials (see (I11.2.1)). Using these three
facts shows that, whenever F satisfies the assumption above, then E [F i (X)) .t (X )“M] = 0 for
every finite M > 1 and every collection of integers jo,...,jp = 0 and ao,...,apy > 0. In particular,
writing p(x) = ZM 0 Cj x/ for a polynomial of degree M, one has that

M
E [Fexp (i/p(x),ux(dx))] =E|Fexp (i Z cj(s{ +...+ s{,))
R 0

Z (ico)® - - - (iepm)*™

ao! - ap!

=E

M
Fexp (i Z cjtj(X))
j=0

E [Fto(X)® ...ty (X)*™] =0

=E

M
F l_l exp chtJ(X)
j=0

ao,....ap =0

by assumption. By a standard approximation argument, we therefore deduce that E [F|o(ux)] = 0,
yielding the desired conclusion.

Appendix III.B A relation between Hermite and Laguerre polynomials

In this section, we present a proof of relation (III.3.8) between matrix-variate Hermite polynomials and
generalized Laguerre polynomials, inspired by [Hay69]. We state the result in the following theorem for
convenience.

Theorem IIL.B.1. For every integer k > 0 and k + k, we have

(nfl’fl n _ n -1
Yool T XX = HEV (VX)L ye= (D7H(5)
K

The following notion of matrix-variate Bessel function is defined in [Hay69, Eq. (6)].

Definition ITLB.2. Let R € R be a symmetric matrix. For y > —1 a real number, the Bessel function
of matrix argument R is defined as

Cc(-R)
A, (R) = M) ZZ e (IILB.1)

Le(y + isoar (
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In [Hay69, Eq.(7)], it is shown that Laguerre polynomials can be recovered by means of Bessel
functions as follows

etr (=8) LY (S) = / A, (RS)etr (—R) det(R)” C,(R)v(dR). (I1L.B.2)
Pe(R)
The following auxiliary Lemma is needed for the proof of Theorem IIL.B.1.

Lemma IILB.3. Let f : R™¢ — R be a function and X € R". Then, we have

/ etr (-2iXU") fUUT)(dU) = 2"/ /
R[’xn

PeR)

S(R) Azt (XXT R) det(R) ™ " V(dR).

Proof. By integrating on O(n), we can write

/ etr (-2iXUT) f(UUT)(dU) =
fon

RExn

/ etr (—2iXHTUT) FWUHHTUT) i(dH)(dU)
O(n)

= fuh etr (<2iXH"UT) i(dH)(dU). (IILB.3)
R{*xn o(n)

We now compute the inner integral on O(n). Using the relations (see for instance [MPHO9S5, Theorem
4.3.3])

/ tr(AH)*** fi(dH) = 0, / tr(AH)Zk,a(dH):Z
O(n) O(n)

Kk

(2k)!

—— 2 _C(AAT), k>0,
e, A

we can write

/ etr (-2iXH"U") ﬂ(dH)zZ% / (=20 e(XTUH)* i(dH)
O(n) - JO

k>0 (n)
! ~ 1 (2k)!
= — (-4 k/ XTUH 2k dH — - (-4 k CK XTUUTX
,;(Zk)!( "y FXTURHEAH) = 3, G () ;—4%(%)K ( )
1
= ——C(-X"UU" X).
éék’(ih

Now using (III.B.1), the last line can be re-written as
/ etr (~2iXH"U") fi(dH) =Ty (g) Angr (XTUUTX).
O(n)

The proof is then completed from (II1.B.3) and the change of variable UUT = R. O
We are now in position to prove Theorme II1.B.1.

Proof of Lemma Il1.B.1. Setting A = I, in (II[.4.18) and combining it with (I11.4.19), we deduce the
relation

etr (-xX7) 2* (g)K HEM (V2x) = (ﬂ_n—i/); [ (~2ixUT ) etr (~UUT) CUUTY(@U).

Applying Lemma ITLB.3 to the R.H.S with f(UUT) = etr (~-UUT ) C(UUT) then leads to

etr (-XXT) 24 (g) HE (V2X)

(—1)"/ etr (—R) Cu(R)An_c-1 (XXT R) det(R) 2 1v(dR)
Pr(R) :

(I‘l—f—]

(-D¥etr (-xx7) Ly * (xX7),
where we used (II1.B.2). This finishes the proof. O



Chapter 1V

Some functional convergence results
related to Berry’s nodal lengths on the
plane

In this chapter, we study the high-energy behaviour of the nodal length process indexed by rectangles
in the unit square associated with the two-dimensional Berry random field. Such a model of Gaussian
eigenfunctions has been introduced by Berry [Ber77, Ber02] and studied later in a number of works
(see for instance [NPR19, KW18, BCW17, CH20, PV20, DNPR20] and references therein). In [NPR19]
and [PV20], the authors prove that, in the high-energy limit, the nodal length restricted to a fixed
planar domain exhibits Gaussian fluctuations (see [NPR19]), and present subsequent multi-dimensional
extensions for random vectors associated with a collection of domains (see [PV20]), yielding in particular
finite-dimensional convergence results, suggesting a functional limit theorem. In [PV20], a partial weak
convergence result towards a standard two-parameter Wiener sheet is obtained for the dominant projection
of the nodal length on the fourth Wiener chaos. An extension of such a limit theorem to the entire nodal
length process was not fully solved in [PV20], due to technical problems arising when studying certain
boundary terms appearing in the projections of the nodal length on the second Wiener chaos. In this
chapter, we present some progress towards such a global functional limit theorem, allowing one to deduce
novel probabilistic limit theorems for semi-local functionals associated with nodal length processes. In
order to achieve such a task, we study the second chaos components independently, highlighting in
particular an intrinsic relation with a Gaussian total disorder process (see Corollary IV.1.5). Based on a
tightness criterion by Davydov and Zitikis [DZ08] for proving weak convergence of multivariate processes,
our findings allow us to show that the laws of the second chaos projections are tight and converge weakly
to zero (see Corollary IV.1.6). Combining this result with a chaining technique (inspired by Dehling and
Taqqu [DT89] and Marinucci and Wigman [MW11]) for dealing with higher-order chaotic projections,
allows us in particular to formulate a weak convergence result, towards a Wiener sheet, of a discretized
version of the nodal length, obtained by introducing refining partitions of the unit square (see Theorem
IV.1.8 and Corollary 1V.1.9). We also derive weak convergence results for the truncated nodal length
process in the high-energy limit (see Corollary IV.1.15). As a by-product of our results, we deduce a
number of new limit theorems involving suprema of the discretized and truncated nodal length process.
We believe that our findings are important steps towards a fully general functional limit theorem for the
nodal length process.

144
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IV.1 Introduction and main results

For a parameter E > 0, we consider the real-valued Berry Random Wave Model with energy 47>E, that
is the centred stationary and isotropic Gaussian field on R2, Bg = {BE (x):x€ Rz}, whose covariance
function is given by

rE(xy) =rf(x —y) := JoQ2a VE|lx - yl), x,y€R% (IV.1.1)

where Jj is the Bessel function of the first kind of order 0, see for instance [Ber77, Ber02, NPR19, PV20].
Let us denote by o7 the collection of all piecewise C! simply connected compact subsets of R? having
non-empty interior. For D € o7, we write

ZLe(D) = H' (B (0) n D),

for the length of the zero set of Bg inside . In [NPR19, Theorem 1.1], it is shown that for a fixed
domain D, the nodal length verifies
logE

T
E[L:(D)] = area(Z))$ VE, Var[%:(D)] ~ area(D) <1an

as E — oo, and the subsequent one-dimensional Central Limit Theorem is derived

Zo(D) = ZED) “ELLeDI d  nr0.1), (IV.1.2)

VVar[ZE(D)]

Such a limit theorem originates from the fact that the Wiener-Itd chaos expansion of .2 (D) is dominated
in the L?(P)-sense by its projection on the fourth Wiener chaos. In [PV20, Theorem 3.2], the authors
prove the following multivariate extension of (IV.1.2).

Theorem IV.1.1. For every integer d > 1 and every fixed D1, Ds, ..., Dy € o, we define the d X d
matrix X = {XZ(i,j) : i,j = 1,...,d} by the relation

area(D; N Dj)
Jarea(D;) area(D;) '

(i, j) =

Iv.1.3)

Then, as E — oo, one has that

—~ ~ ~ d
(Ze(D), Ze(Ds). ..., Ze(Da)) = Z ~ Na(0,%), (IV.1.4)
where Z is a centred d-dimensional Gaussian vector with covariance matrix X.

__Such a result shows that, in the high-energy limit, the finite-dimensional distributions of the process
{.ZE D):Dedg } converge to those of a Gaussian process with a limiting covariance structure of a
homogeneous independently scattered random measure with unit intensity. Given the limiting covariance
structure appearing in (IV.1.3), Theorem IV.1.1 immediately implies that, when restricting the nodal
length to rectangles of the type [0,#1] X [0, #2], the process Xg = {XE (t1,12) = (t1,12) € [0, 1]2} defined
by

512n

Xp(t,12) = @(zg([o, 1% [0,12]) ~ ELZg([0.11] x [0,12D] ), (IV.1.5)
converges in the sense of finite-dimensional distributions to a standard Wiener sheet, that is, to a centred
Gaussian process W = {W(tl, 1) : (t1,12) € [0, 1]2} with covariance function E [W(t1,12)W(sy, 52)] =
(1 A s1)(t2 A s2). We refer the reader for instance to [RY99, p.39] for an introduction to such an object.
The following partial weak convergence result for the projection of Xg on the fourth Wiener chaos is
obtained in [PV20, Theorem 3.4]. We denote by Xg[q](t1,12) the projection of Xg(¢1,¢2) on the g-th
Wiener chaos associated with Bg.
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Theorem IV.1.2. For every fixed (t1,12) € [0, 113, one has that, as E — o,
E [(Xk(11,12) = Xp[41(t1,12))°| = 0.

Moreover, the random mappings Xg[4] : (t1,t2) — Xgl4](t1,t2) belong almost surely to the class
C([0, 114 R) of continuous processes on [0, 112, and as E — oo, Xg[4] converges weakly to a standard
Wiener sheet W on [0, 1]% in the Skorohod space Dy = D([0, 113, R).

Results regarding a global functional convergence in the Skorohod space were not obtained in [PV20].
The proof of such weak convergence results would typically allow one to derive new probabilistic limit
theorems involving semi-local functionals associated to nodal length processes, such as for instance the
supremum of Xg. The difficulties of extending such a weak convergence from the fourth projection to
the entire process Xg was partially explained by the presence of certain boundary terms appearing in the
expression of the second chaotic projection Xg[2], see in particular [PV20, Remark 3.2]. The goal of this
chapter is to substantially (albeit not completely!) fill such gaps by presenting a careful analysis of these
residual terms and dealing with the remainder term formed by higher-order chaotic projections associated
with Xg. In the forthcoming sections, we describe our findings.

IV.1.1 Some weak convergence results

We now describe the main contributions of this chapter. We write t = (¢1,#,) € [0, 1]? and consider the
normalized nodal length process

Xg = {Xg(t) : t e [0, 1%}
introduced in (IV.1.5), whose Wiener-Itd chaos expansion is given by

Xg = XE[Z] + XE[4] + Rg, Rg:= Z XE[2q] (IV16)
g3

where Xg[q] indicates the projection of Xg on the g-th Wiener chaos. In what follows, we specify to
which functions spaces our random objects of interest belong. Consider the unit square [0, 1]> and define
the following four regions for every fixed t = (¢1,12) € [0, 112,

O, NE) = {S = (51,52) € [0,11% 1 51 > 11,50 > tz}
QUENW) = {s=(s1.52) €[0, 1 : 51 <t1,50 > 1}
Ot SW) = {s=(s1,5) € [0, 177 : 51 <11, < 1o}
O(t, SE) = {S = (s1,52) € [0,11% 1 51 > 11,50 < tz}-

We remark that some of these regions may be empty, in the case where t belongs to the boundary of
[0,1]%. The Skorohod space D, = D([0, 1]%,R) is the class of functions f : [0,1]> — R verifying
the following continuity property for every t € [0, 1]%: for every R € {NE, NW,SW, SE} and every
sequence {t, : n > 1} C Q(t, R) such thatt, — tas n — oo, the limit lim, . f(t,) exists and is finite,
and, moreover for every sequence {t, : n > 1} C Q(t, NE) such thatt, — t as n — oo, we have that

limy 0 f(t,) = f(1).

We endow the space D, both with the o-field generated by coordinate projections, and with the
Skorohod topology described in Neuhaus [Neu71, p.1289]. We also define C, = C([O0, 112 R) to be the
subset of D, composed of continuous mappings.

We note that, in the case where f : [0, 11? - R takes the form () := u([0,£,] x [0,£,]) for some
finite measure u on [0, 1]%, it follows from an application of the dominated convergence theorem that
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f € Dy. In view of the above discussion, the nodal length processes {Xg : E > 0} are D,-valued random
mappings. Our strategy for proving a weak convergence result for the process Xg is based on the following
lemma. Its proof is postponed to Appendix IV.A.

Lemma IV.1.3. Let {X, X, : n > 1} be a sequence of stochastic processes with values in D, such that
P(X € Cy) = 1. We assume that for every n > 1, the process X, can be written as X,, = U,, + V,, + W,,,
where the processes Uy, V,,, W,, are such that

(i) as n — co, U, converges weakly to X in Dy,
(ii) as n — oo, V,, converges weakly to zero in D,

(iii) for every e > 0,
lim P{ sup |W,(t)| >¢e; =0,
o0 | te[o,112

Then, X,, converges weakly to X in D,.

In order order to prove a global functional convergence result for the normalized nodal length process
Xg, we apply Lemma IV.1.3 with (X,,, U, V,,, W,,) = (Xg, Xg[4], Xg[2], Rg) in (IV.1.6). We note that
P{Xg[2] € C;} = P{Xg[4] € C,} =1, for every E > 0. Then, one has to deal with the following three
steps:

(i) proving that the projection Xg[4] converges weakly to a standard Wiener sheet as E — oo, which
was fully solved in [PV20] (see also Theorem IV.1.2 above),

(ii) proving that the second chaotic projection Xg[2] associated with Xg converges weakly to zero, as
E — oo,

(iii) proving that the residue term formed by the series of higher-order chaotic projections Rg associated
with Xg converges uniformly to zero in probability, as £ — oo.

In this chapter, our principal aim is to deal with points (ii) and (iii) above, that were left open in
[PV20]. For part (ii), we present an auxiliary study of certain integral expressions amenable to the exact
expression of Xg[2] (see Section IV.1.2), and are in particular able to prove the following result. Its proof
is a consequence of Theorem IV.1.21 and Remark IV.1.18 (a).

For t = (t1,12), we set Dy := [0,¢1] X [0, 12] and write Z£[2](Dy) for the projection of Zg (Dy) on
the second Wiener chaos.

Theorem IV.1.4. Foreveryt € [0, 1%, we set

LDy
Ye(t) := )
VVar[ ZE[21(Dy)]
For every integer d > 1 and every collection of t,, . .., t4 € [0, 113, we have that, as E — o

Ye(t), ... Ye(ta) > Z ~ Ng(0,%)

where Z is a centred d-dimensional Gaussian vector with covariance matrixX = {X(i,j) : i,j = 1,...,d}
given by the relation

/l(aDt,‘a aﬂtj)
JA@Dy,. D) A@Dy;, 9Dy,

(i, j) =

where A(0Dy;, 0Dy, ) denotes the signed length of 0Dy, N 0Dy, (see Section IV.1.2 for more details).
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In particular, specializing the findings of Theorem IV.1.4 to the setting of concentric squares R; :=
[1/2—=11/2-1]%0 < t < 1/2 centred at the point (1/2,1/2), verifying R, N dR; = O for t # s, yields
the following characterization of Yg as a total disorder process. Here, we call total disorder process any
Gaussian process whose linear span contains an uncountable collection of i.i.d standard Gaussian random
variables. We refer the reader for instance to [RY99, Section 3] for more details on such processes.

Corollary IV.1.5. The limiting process of {YE (t) : t € [0, 1]2} is a total disorder process.

Total disorders appear as the limiting distribution in a number of works. We refer the reader to Section
IV.1.2.1 for an overview. Our arguments for proving Theorem [V.1.4, are based on a preliminary study of
the second chaotic component (see Section I'V.1.2), in which we prove asymptotic variance estimates (see
Theorem IV.1.20) and a multivariate Central Limit Theorem in the high-energy regime (see Theorem
IV.1.21).

Combining the variance estimates for second chaotic projections in Theorem IV.1.20 with a suitable
tightness criterion by Davydov and Zitikis [DZ08] (see Proposition IV.2.4) for proving weak convergence
of stochastic processes on [0, 1]¢, and some moment estimates for suprema of stationary Gaussian fields
(see Proposition 1V.2.6), implies the following weak convergence result for the normalized second order
projection Xg[2], which solves (ii).

Corollary IV.1.6. As E — oo, the process {X E[2](t) : t € [0, 1]2} converges weakly to zero in D,.

Concerning part (iii) above, we are able to present partial solutions dealing with discretized and
truncated nodal length processes.

Discretized nodal length process. Let us first introduce some notation. For K > 1, we indicate by Ilg
the partition of the [0, 1]? formed by the collection of squares of side length 27X, For every vector

2
i =(i1,ip) € {O, .. .,ZK} , we define the partition points p; (K, K) = (p;, (K), p;,(K)) € [0, 117 by

i

i
) 3K

pi(K) = 5 pi(K) = i1ip=0,1,...,2K,

For t = (t1,12) € [0, 1]%, we write ig g (t) = (i.x (t1),i2.x(t2)) for the vector verifying

Divk ) S 11 S Pip )+l Pir g () <12 = Diy g (12)+15

that is, the vector ik k (t) is such that p;, () (K, K) is the closest partition point to t on the left. We
introduce the following notion of discretized nodal length.

Definition IV.1.7. (Discretized nodal length process) Let K > 1 be an integer and [ a partition of
[0, 1]? as described above. For t € [0, 1]2, we define the discretized nodal length by

ZE10,611%10,121) := L (10, piy g 01y (K1 X [0, piy g (1) (K1)

and write XX for its normalized version

512
XK@ = é (ZE 0.1 x10.02]) - E [ZK (10.01] x [0.121)]) .

As usual, we write X g [¢] for the projection of X g on the g-th Wiener chaos and set Rg =243 X g [24].
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In the light of the above definition, X g (t) represents the normalized nodal length contained in the
rectangle formed by the partition coordinates that are closest to t, thus yielding a discrete approximation
of Xg(t). Moreover, .i”g is P-almost surely an element of D,. The following result shows that there
exists a suitable partition I1x of [0, 11? associated with a sequence K = K(E) such that the discretized
residue process Rg converges to zero uniformly on the unit square, thus showing a discretized version of
(iii). The proof of IV.1.8 relies on a planar chaining argument inspired by Dehling and Taqqu [DT89]
and Marinucci and Wigman [MW11].

Theorem IV.1.8. Let {K(E) : E > 0} be a numerical sequence such that K(E) — oo and K(E) =
o((log E)Y10) g5 E — oo. Then, for every e > 0,

P{ sup [REF()|>ep - 0.
te[0,1]?

Combining the findings of Theorem IV.1.8, Corollary IV.1.6 and the weak convergence of Xg[4]
proved in [PV20] (see Theorem IV.1.2), allows us to deduce the following weak convergence result for
the discretized nodal length process.

Corollary IV.1.9. Let {K(E) : E > 0} be a numerical sequence such that K(E) — oo and K(E) =
o((log E)'/1%) as E — co. Then, as E — oo, the normalized process Xg(E) converges weakly to a

standard Wiener sheet W on [0, 11? in D».

Corollary IV.1.9 gives access to a number of new limit theorems dealing with specific functionals of
the discretized nodal length process. Of particular interest is, for instance, the asymptotic behaviour of the
maximal discrepancy between the discretized nodal length and its expectation, given by the supremum
of X g . Such statistics provide global indications on how the nodal length process deviates from its mean
and are intimately related to overcrowding estimates and concentration inequalities. We refer the reader
for instance to [Pri20] for the study of such events in the framework of zero counts and nodal length
associated with stationary Gaussian processes.

The following result provides an answer in this direction.

Corollary IV.1.10. Let {K(E) : E > 0} be a numerical sequence such that K(E) — oo and K(E) =
o((log E)'19) a5 E — co. Then, as E — oo, we have that

K(E d
sup [XFE (0| S sup (Wb,
te[0,1]? te[0,1]2

To the best of our expertise, the probability distribution of the supremum of the Wiener sheet is not
known. In [PP73], the authors provide a number of explicit expressions for the probability distribution
function of the supremum of Wiener sheets restricted to the boundary of planar domains. For instance,
the following statement is a direct consequence of Corollary 1V.1.10 and [PP73, Theorem 3], yielding a
closed formula for the asymptotic distribution function of the supremum of X g on the boundary of the
unit square. We refer the reader to [PP73] for more examples in this direction.

Corollary IV.1.11. Let {K(E) : E > 0} be a numerical sequence such that K(E) — oo and K(E) =
o((log E)l/lo) as E — oo. Then, for every z € R, we have that, as E — oo,

P< sup (Xg(E)(t)) <zp—=P: sup W) <zp=1-30(-2)+ e4z2(l)(—3z),
tea[0,1]2 ted[0,1]

where ®(z) :=P{N <z}, N ~N(,1).
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Remark IV.1.12. The findings described above are not sufficient to obtain a weak convergence result for
the process X and thus to fully solve part (iii). Our main difficulty for directly dealing with the residue
term Rg (instead of its discretized version Rg ) appears in the chaining argument used in the proof of
Theorem IV.1.8 and is essentially explained by the fact that the expectation of Xg (which is of order
VE/log E) grows considerably faster than the normalizing factor log E. Carrying out the planar chaining
argument with Rg typically requires the quantity

VE 1
ylog E 2K

to be bounded, thus imposing K = K (E) to be of logarithmic order. Such a requirement is however incom-
patible with the choice o((log E)"/ 10y "as is needed in the above statements. Such a difficulty is eschewed
when dealing with the discretized versions, since in this case E [X g (t)] =E [X g Pig.x (K, K ))] by
construction of X g , implying that the above difference is zero. One possible strategy for providing a
complete answer to (iii) would be to prove that for every £ > 0

E[Xe®)]-E [XE(piK,K(ﬂ(K’ K))” ~

P{ sup [REF () - Re(t)]>ef -0,
te[0,1]2

as E — oo, where K(E) is as in Theorem IV.1.8. However, our arguments allow to prove that such an
asymptotic relation only holds pointwise in the L?(P)-sense

1

K(E) ¢y _ 2
E[(RE () - Rp (1)) ] < 1o B3R

where ¢; > 0 is some absolute constant, thus converging to zero in view of our choice of K(E) (see in
particular Lemma 1V.2.9).

Truncated nodal length process. We also point out that our results on the second Wiener chaos are
sufficient to formulate a weak convergence result for fruncated nodal lengths of increasing degree,
defined as follows.

Definition IV.1.13. (Truncated nodal length) For an integer N > 1, we define the truncated nodal length
of order N by

N
Le(DiN) = ) Lel2q1(D).
q=0

We write Xg (t; N) for the normalized version of ZE ([0,#;]X%[0,#,]; N) and Rg(t; N) := 5:3 Xe[29](t)
for its chaotic projections of order 6 to N.

The following result shows that the process Rg (-; N) converges to zero for a well-chosen N = N(E),
and is a consequence of the hypercontractivity property on Wiener chaoses (see (1.1.29)).

Proposition IV.1.14. Let N(E) = logs(log E). Then, as E — oo, the process {Rg(t; N(E)) : t € [0, 11}
converges weakly to zero in D,.

Combining this result with the weak convergence to zero of the second chaotic projections Xg[2] (see
Corollary IV.1.6) and the weak convergence of Xg[4], is sufficient to derive the following functional limit
theorem for the truncated nodal length process of order N = N(E).
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Corollary IV.1.15. Let N(E) = logs(log E). Then, as E — oo, the process {XE (t; N(E)) : t €0, 1]2}
converges weakly to a standard Wiener sheet W on [0, 11? in D».

Remark I'V.1.16. In order to prove (iii), it remains to show that the fail series Xg — Rg (e, N(E)) formed
by chaotic projections exceeding N(E), converges weakly to zero, as E — co. A possible route for
tackling such a problem is to divide the remainder term in singular and non-singular pair of cells as
introduced in [ORWO08] and, later exploited in [PR18, DNPR19, NPR19] (see in particular Appendix II.LE
of Chapter II) and investigate each of their contributions separately.

IV.1.2 Study of the second Wiener chaos

In this section, we present our preliminary results on the second Wiener chaos, allowing one to prove
Theorem IV.1.4.

Let us consider a convex planar domain 9 with piecewise C! boundary 9, which we assume to
be oriented clock-wise (see also Remark IV.1.18). In [NPR19, Lemma 4.1], the authors prove that the
projection on the second Wiener chaos of the nodal length associated with Berry’s random field can be
written as

Ze21(D) =

1
B VBE (x), dx, IV.1.7
e VaE Jon E(X)(VBE(x),np(x))dx ( )

where ngp(x) = (nlz)(x), nzz)(x)) is the outward unit normal vector to 9 at x and dx indicates the
one-dimensional Hausdorff measure. We recall that relation (IV.1.7) is immaterial on manifolds without
boundary as for instance in the related models of random spherical harmonics and toral arithmetic random
waves, where the second chaotic projection of the nodal length is almost surely zero, see for instance
[Wig10, KKW13] and in particular the characterization of the second Wiener chaos presented in Theorem
I1.2.5 of Chapter II.

In order to study the second chaotic projections in (IV.1.7), we introduce abstract random variables
whose expression is amenable to (IV.1.7). Let % be the collection of all polygonal planar curves of finite
length, that is, formal sums of the form

-
C = Za/ij, r>1
j=1

where a1y, ...,a, € Rand Sy, ..., S, are oriented line segments. In particular, the above formal sum has a
clear geometric meaning when the coefficients «; are equal to one and the line segments S; are adjacent.
Also, the sign of the coefficients «/; determines the orientation of the corresponding line segment S;: if
aj < 0, then the orientation of §; is reversed, whereas if a; > 0, then «;S; is the line segment having
same orientation as S; and of length «; times the length of S;.

Definition IV.1.17. For C € ¥ and E > 0, we define the random variable

1
87 V2E Jc

where dx indicates one-dimensional Hausdorff measure on C and n¢ denotes the unit normal vector to C
computed at x.

oe(C) =

Be (x)(VBE (x),n¢c(x))dx, (IV.1.8)

‘We make some remarks about Definition IV.1.17.
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Remark IV.1.18. (a) Comparing (IV.1.7) with (IV.1.8), it becomes clear that when the curve C is the
boundary of a compact planar domain D, then ¢ (D) = ZLE[2]1(D), that is, ¢ (dD) coincides
with the projection on the second Wiener chaos of the nodal length restricted to O, associated with
Bg. This observation motivates the study of random variables ¢ (C).

(b) If S is a line segment directed by its tangent vector 7s = (71, T2) € R?, then ng = ||7]|”' (=12, 71).
Since we deal with line segments, we remark that ng(x) is independent of the chosen point x € S.
The line integration over a segment S in (IV.1.8) is defined as follows: Let ys : [0,L] — S be a
unit speed parametrization of S, that is yg is such that ||ys(¢z)|| = 1 for every ¢ € [0, L], (where vs
denotes the derivative of yg), showing in particular that S has length L. We define

1
8t V2FE

where ng is as described above. We then extend the definition of ¢g to the class C by linearity

L
¢e(S) = /o Be (y()(VBE(y (1)), ns(y(1))dt, (IV.1.9)

E(C) =) a;pp(S), C= ) a;S. (IV.1.10)
Jj=1 j=1

(¢) Itis easy to see that for every C € %, the random variable ¢ (C) is an element of the second Wiener
chaos associated with Bg. Indeed, denoting by I, the Wiener isometry of order p, and writing
Be(x) = Li(fE(x,)),0;B(x) = V2r2EI\( ij (x,9)),j = 1,2 for suitable kernels fJ*(x,-),j =
0, 1,2 defined on the Hilbert space L*([0, 1], 1) (with A denoting Lebesgue measure), an application
of the product formula for Wiener integrals (see (I.1.28)) allows to write ¢ (C) = I» u®(C)), where

| < _ -
u”(C) = gZ/CfOE(x,-)cz>fj‘.5(x,-)nfc(x)dx, (IV.1.11)
j=1

and where ® denotes the canonical symmetrization of the tensor product. We refer the reader to
the proof of Proposition IV.2.3 for more details.

In order to state our main results, we endow the product space ¢ X ¢ with the an inner product
product. For line segments S; and S, we define A(S}, $2) to be the signed length of S; N S,, that is,
the length of their intersection multiplied if S; and S, have the same orientation and its opposite if they
have opposite orientations. For arbitrary C; = Z;zl @;S;,Cy = X5 _ BTk € € (for collections of line

segments {Sj j=1..., r} and {7 : k = 1,..., s}, we extend this definition by bilinearity,

AC1, C) = Zzajﬁk/l(sj,Tk) (IV.1.12)

j=1 k=1

and refer to it as the signed length of C; N C,. In particular, choosing C; = C; = C shows that A(C, C)
coincides with the one-dimensional Hausdorff measure, that is, the length of C, for which we will write
A(C) := A(C, C). We point out that such a scalar product already appears in [BS17, Definition 3], where
the authors study fluctuations of increments of the Gaussian entire function along smooth curves. We
refer the reader to section IV.1.2.1 for more details on this and related works.

Remark IV.1.19. We remark that in [BS17], the authors consider the class of all simple regular curves,
as opposed to our definition of %, only restricted to polygonal chains. Our reason for only dealing
with this restricted family of curves originates from a number of difficulties encountered when trying to
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extend our findings to the setting of arbitrary planar curves. Our main idea for dealing with this more
general framework, is to approximate a planar curve by infinitesimal line segments Sj, . . ., Sy of length
converging to zero as N — co. However, our results stated below, typically require uniform estimates in
E or N, which for the moment have eluded our attempts.

We now state our main results concerning the random variables ¢ (C). The first statement gives the
asymptotic covariance structure in the high-energy regime.

Theorem 1V.1.20 (Asymptotic covariance structure). For every C;,C; € €, as E — o,

A(C1, ) ( 1 )
Cov (C), p(C)] = ——= +0o|—], (IV.1.13)
[#£(C1), dE(C)] 62 VE VB
where A(Cy, Cy) indicates the signed length of C1 N C,. In particular, as E — oo, we have that
A(0) ( 1 )
Var OC))=———+o0—]|, (Iv.1.14)
[#£(C)] 1672 VE vVE

where A(C) denotes the length of C.

Specifying the content of Theorem IV.1.20 to the case where C = 9D is the boundary of a polygonal
compact domain D C R? (as for instance rectangles of the type [0,¢;] X [0,#;]) and bearing in mind
Remark IV.1.18 (a), we deduce the following variance estimate for the second chaotic projection of the
nodal length associated with the Berry random field

A(0D) ( 1 )

—+0 —_—
1672 VE VE

as E — oo. This estimate refines the upper bound O(1) for the variance of £ [2](D) derived in [NPR19,
Lemma 4.1] and in particular shows that Zr[2](D) is a degenerate random variable in the high-energy
limit.

Var[ Z¢[2](D)] =

In view of (IV.1.14), we introduce the normalized version of ¢ (C),
61 (C) = 4nEV* ¢ (C). (IV.1.15)

The following result states a weak convergence result in the sense of finite-dimensional distributions for
the random field {$(C) : C € %}

Theorem 1V.1.21. For every integer d > 1 and every Cy, . ..,Cq € €, we have that, as E — oo,

(FE(CD. ... BE(Ca)) S Na(0.2),
where X = {X(i,j) :i,j = 1,...,d} is the d X d matrix defined by

2, j) = AC,Cp), i,j=1,...,d,
where A(C;, C;) denotes the signed length of C; N C;.

The statement of Theorem IV.1.21 shows that, in the high-frequency regime, the covariance of ¢ (C))
and ¢ (C») depends on the geometry of C; and C, through the signed length of their intersection. In
particular, it becomes apparent that, whenever A(Cy, () is zero (which is the case when C; and G,
intersect in finitely many isolated points or are disjoint), the random variables éva (Cy) and &;E(Cz) are
asymptotically independent Gaussian with variance A(C) and A(C,), respectively.
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IV.1.2.1 The total disorder process in the literature

In Corollary IV.1.5, we prove that the limiting structure of the second chaotic projection restricted to
concentric squares is of total disorder, which is a consequence of the asymptotic dependence structure
derived in Theorem IV.1.20. A similar structure appears as the limiting covariance in several works in
the literature, that we will briefly describe here below.

As already mentioned above, in [BS17], the authors study the fluctuations of the increment of the
Gaussian entire function along planar curves. More precisely, denoting by Ag(I") the increment of the
Gaussian entire function along a curve I', their results show that, properly normalized, Ag(I') exhibits
Gaussian fluctuations, and moreover, the random variables Ag(I';) and Ag(I;) are jointly Gaussian as
R — oo with limiting covariance proportional to the signed length of the intersection of I'y and I5.
Specifying their setting to the case where I7; is a positively oriented boundary of a bounded domain G;
and writing ngr(G;) for the number of zeros of the Gaussian entire function in the domain RG;, their
results allow to conclude that the limiting covariance between ng(G;) and ng(Gj) is proportional to the
signed length of dG; N 8G;. In this respect, our findings should be naturally confronted with the main
contributions of [BS17].

A similar limiting covariance structure arises in the physics paper [Leb83] by Lebowitz on charge
fluctuations for Coulomb systems. Therein, the author considers the net electric charge Q5 contained in
a subregion A of an infinite equilibrium system and studies the asymptotic covariance between Q, and
O, where Ay, A are growing regions. For instance, for cubes Aj, A, of side length L — oo, it turns out
that the limiting covariance is only non-zero when the cubes share a pair of adjacent faces.

Total disorder processes also appear in several works in random matrix theory. In [Wie02] (see also
[DEO1, Theorem 6.3]) the authors consider the number N, («, §) of eigenvalues lying in a circular interval
(e'?, eP) of random n X n unitary matrices sampled according to the Haar measure. It is shown that the
finite-dimensional distributions of the normalized process

Nn(a/’ ﬁ) - E [Nn(a', ﬁ)]
n~1/logn

converge to those of a centred Gaussian process {Z(«, §) : 0 < @ < 8 < 2z} with covariance function

1 a=a,f=p

-1 a=p,a"=p8
E[Z(a,B)Z(a’,B)] =4 1/2 a=a’ or g = B’ butnot both

-1/2 a = B’ or B = a’ but not both

0 a, B,a’, B’ distinct

:O<a/<,8<27r}

From such a covariance structure, it becomes clear that, unless two intervals (¢'?, /%) and (¢'®, e"ﬁ/) have
at least one endpoint in common, the limiting random variables Z(«, 8) and Z(a’, B’) are independent.

Finally, in [HN'YO08] the authors prove that the finite-dimensional distributions of a complex Gaussian
total disorder process appear as the limiting distribution of the multi-dimensional extension of Selberg’s
Central Limit Theorem for the logarithm of the Riemann Zeta function (see [Sel46, Sel92]).

IV.2 Proof of the main results

In the forthcoming part, we briefly expose the main ideas for proving our findings in this chapter.

Theorem IV.1.20 and Theorem IV.1.21 are proved in Section IV.2.1. Corollary IV.1.6 is proved in
Section IV.2.2 and finally the proof of Theorem IV.1.8 is deferred to Section IV.2.3.
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IV.2.1 Proofs of Theorem I1V.1.20 and Theorem I1V.1.21

In order to prove Theorem IV.1.20 and Theorem IV.1.21, we first prove their analog statements when
the polygonal curves are replaced with straight line segments. More specifically, in Section IV.2.1.1, we
investigate the limiting covariance structure of ¢ when restricted to line segments, by carefully taking
into account all possible spatial configurations of two line segments. In Proposition IV.2.1, we show
that, in the high energy limit, this covariance is non-zero only when the line segments have a non-trivial
intersection, that is, when the line segments are adjacent to each other. In Proposition IV.2.3, we establish
a multi-dimensional Gaussian limit theorem for random vectors of the form (¢z(S}), . . ., ¢z (Sg)), where
S, ..., 84 is a collection of line segments. Our methods rely on both the Fourth Moment Theorem (see
Theorem 1.1.30) for proving normal approximations of chaotic sequences and the Peccati-Tudor Theorem
(see Theorem 1.1.31) for deducing multi-dimensional extensions. The proofs of Theorems IV.1.20 and
IV.1.21 are then obtained by the linearity property of ¢ in (IV.1.10).

IV.2.1.1 Study of line segments

Let S; and S, be two line segments in R2, and consider the random variables oe(S;), i = 1,2. Our
principal aim of this section is to prove the following result.

Proposition IV.2.1. Let S| and S, be two line segments. Then, we have that, as E — oo,

A(S1,52) ( 1 )

1672 VE

Cov|[pg(S)), pEe(SH)] = VE

ava.n

where A(S1, $>) is the signed length of S| N $5.

In order to reduce the length of the proof of Proposition IV.2.1, we start with some ancillary compu-
tations.

Introducing normalized derivatives O; := V2rn2Ed;, i = 1,2 (where 9; := v, = 0/0x;) and exploiting
the definition of ¢g in (IV.1.7), we have for every C|,C, € €

Cov[pE(C1), pe(Cr)] =E [¢e(C1)oE(Cr)]

1

= TR /CIXCZ E [Bg (x)(VBg (x),n¢, (x))Be (y){VBE(y), n¢, (y))] dxdy

2
1 . .

= E|B B 0;B o:B i J dxd

12872F i;1 /Clxc2 [ E(X)BE(y)9; BE(X)0; E(y)]ncl(x)ncz(y) xdy

212E 2 - - . .
= TS on E|(B B 0;B 5:B i J dxd
12872E l,]Z=1 L1><C2 [ £ E(y) £(0) J E(y)] nCl (x)nCZ (y) xdy

2
I o
64 Z /C><C %-//fj(x,)’)ncl(x)n"cz(y)dxdy, (IV.2.2)
1 2

ij=1
where (//lEj : R? - R is the function
Y (xy) := B |Be(0)BE(3)3iBe(x)d;Be ()], i,j=1,2.

Since for every x,y € R? and every i = 1,2, (Bg(x), BE(Y), diBE (x), 8~J-BE(y)) is a centred Gaussian
vector, we recall Feynmann’s formula (see for instance [MP11, Proposition 4.15]) in order to simplify the
above expression: for jointly centred Gaussian random variables Zj, . . ., Z4, we have

EBlZ12,7374] = y12v34 + V13Y24 + Y14Y23,  Vij = E [ZiZ_/] .
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Therefore, exploiting the covariance structure of the vector (Bg(x), Bg(y), 5iBE(x),(§jBE(y)) (see
[NPR19, Lemma 3.1]), we obtain

vE(xy) = E[Be(x)Br()]E[§Bp(x)8;Be(y)| +E [Be()d:Be(x)| E [Be (1B ()]
+E [Be(x)3;Be(») | E [ Be ()8 B (x)]
B = ) (x = y) = 7 (x = y)Fg(x = ), (IV.2.3)

where the second term is equal to zero by independence of Bg(x) and VBEg(x) for every fixed x € R?
and we set

Ffj(x —y) 1= 84,0, rE(x—y), i,j=012

where % is as in (IV.1.1) and we adopt the convention that dj is the identity operator. We now restrict

(IV.2.2) to the case where C; = S;,i = 1,2 are straight line segments. Denoting by
BY(x) := Bp(Rox), B (x):=Bp(x+L), xeR%0e[0,2n]LeR?

where Ry € My (R) stands for the rotation matrix associated with angle 6, it follows by isotropy
and stationarity of Berry’s random field that Bg 2 Bg) and Bg 2 égL), where £ denotes equality
in distribution of random fields. These observations imply that for every choice of x,y € R2?, the
pairs (BY (x), B (y)) and (BL(x), B () have the same distribution as (Bg(x), Bg(y)). As a

consequence, we reduce our investigations to line segments given by the unit speed parametrizations

y1:10,41] = 81, t yi(t) :=tey (Iv.2.4)
v2 1[0, 2] = S5, tH ya(t) :=p+tp(6) Iv.z2.s)

where A; > 0,i = 1,2, ¢; is the i-th canonical basis vector of R2, p = (p,p2) € R? and p0) =
(cos 6,sin @) for 6 € [0, 2n]. In particular, fori = 1,2, S; is a line segment of length A;.

Remark IV.2.2. In view of the linearity property of ¢ in (IV.1.10), it follows that whenever S is a
line segment given by a union of line segments S = S’ U S sharing only one point, then we have
oe(S) = ¢p(S’) + ¢pp(S”). It follows that, one can always express the covariance associated with
arbitrary line segments as a linear combination involving only covariances associated with line segments
that have the same origin. This implies that, in (IV.2.5), we can consistently reduce to the case p = (0, 0),
that is when S; and S have the same origin, except when S; and S, are parallel but disjoint. Indeed,
in order to see this, let us assume that S = [Py, Q1] and S, = [P,, O3] for points Py, P>, 01, 0> € R2
such that p = P, # (0,0). (Here for A, B € R?, we use the notation [A, B] to indicate the line segment
joining A and B.) Denote by £, and ¢, the lines directed by S; and S, respectively and let I = £; N £,. If
S1 NSy = {I}, we consider the four line segments [P, 1], [1, O2], [P, I] and [1, Q]. By linearity, we thus

have ¢ (S1) = ¢e([P1,1]) + ¢£([1, Q1)) and ¢£(S2) = ¢e([P2.1]) + ¢£([1, Q2]), so that

Cov[pe(S1),9e(S2)] = Cov[de([P1, 1), pe ([P, I1)] + Cov[¢e ([P, 1), ¢£([1, Q2])]
+Cov[gpe([1, Q1]), o ([P2, I1)] + Cov[ope([1, Q1]), ¢ ([, 02])]

and each of these covariances contains only line segments with common point /, which one can set to be
the origin by translation invariance of the Berry random field. Similarly, if S} N S, = 0, we consider the
line segments [/, P;] and [/, P>]. Then, again by linearity we can write (up to sign, which is determined

by the orientation of §) ¢ ([1, Q11) — ¢ ([, P1]) = ¢£(S1) and ¢ ([1, Q21) — e ([, P2]) = ¢E(S2), so
that

Cov[pe(S1), 9E(S2)] = Cov[oe([L, 01D, ¢e ([, Q2D)] — Cov[pe([1, O1]), £ ([1, P2])]
—Cov[¢e (1, P1]), pe([1, 02D)] + Cov[¢e([1, P1]), pE([I, P2])],

and the covariances on the right hand side can be dealt with setting = (0, 0) as before.
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In view of the above reductions, throughout this section, we will assume that S; and S, are parametrized
as in (IV.2.4) and (IV.2.5), respectively with p = (0,0) and 6 € [0,2x]. The fact that ng, (x) = e, for
every x € S1 and ng, (x) = p(6)* = (—sin6, cos ) for every x € S, together with the integral transform
(IV.1.9) yields

Cov[or(S)), pE(S)] = é / [¥3,(x, y) cos 6 — y57, (x, y) sin Oldxdy
NE&Y
1

Ay A
o /0 dsWE, (71 (1, 72()) cos 0 = ¥E, (D, y2(s)) sin 6, (IV.2.6)

where leJ is as in (IV.2.3). From the parametrizations in (IV.2.4) and (IV.2.5), it follows that
ly1 () = v2()I* = liter — sp()|I* = > + s> — 2st{ey, p(0)) = 1> + s> — 2st cos 6. (IV.2.7)

Now, computations based on the explicit expressions of the functions rE, flEj fori,j =0,1,2 in terms
of Bessel functions (see [NPR19, Lemma 3.1]), lead to (for y; () # y2(s))

Jo(tE (1, )) (Jo(rF (1, 9) + L(TE (1, 5)))

s2sin® @

@) =y 9)I?

UE,(r1(1), 72(s))

(Jo(TE (1, ) L (TE (1, 5)) + T (2 (2, 5)))

and

- 6)s sin 6
VE (0, 72(9)) = 2(|t|y1<st§(fyliss>lﬁz (o )R E (1) + h(TE (@, 5)?)

where we set 7E (1, 5) := 27 \/Elly] (t) —y2(s)|l. As a consequence, by (IV.2.7), we have that

U3, (y1(0), 72(5)) cos 0 — Y& (y1(1), y2(s)) sin
= cos 0Jo(r7 (&, 5)) (Jo(vF (1, 5)) + To(zE (1, 5)) )
252 sin% @ cos 6 + 2(t — s cos 0)s sin? 0
i ( 1) = y2(5)I2
= cos0Jo(t5 (1, 9) (Jo(rE (2, ) + L(TE (1, 5)))

2tssin® @ E E E 2
ey NEEE NN @) + H(@E (19))

Jo(TE(t, )1 (7E (1, 5)) _ 2ts sin® 0
TE(1, 5)) 12 + 52— 2stcos

) (Jo(TE (1, ) L (TE (1, 5)) + I (2 (1, 5))7)

2cos @

(St N LEE(t5) + i (75 (1 5))7),

where in the last line, we exploited the recurrence relation J;,11(x) + J,—1(x) = 2nJ,(x)/x,n > 0,x € R
(see e.g. [Sze39, Equation (1.71.5)]) implying the useful identity

Jo(x) + Ja(x) = Zjlix). (IV.2.8)
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Inserting this expression into (IV.2.6), we obtain that

Cov[ge(S), pe(S2)] =

2(:059/’11 dt//lz Jo(TE(t, )1 (7E (1, 5))

TE(1,5)

2sm 0 /ﬂl /ﬂz s (Jo(@E @, ) hE (1 5) + I (TE (1, 9)?)

12 + 52 — 2stcos 6
=: AE(/M, A2,0) + Be (44, 42,0),

where
A A2 E E
Ap(dy 1, 0) = 220 / di / ds DT E N 9)) (IV.2.9)
TE(t, 5)
sinzg 4 ts (J@E @ )R ) + I(TE, ))?)
Bg (A1, 42,0) := - / / (IV.2.10)
1> + 52— 2stcos @

and where we recall the notation 7£ (¢, s) = 27 VE V2 + 52 — 2st cos 6. We note that if 6 € {0, 7}, then
Bg (A1, 13,08) =0, so that for parallel line segments we immediately deduce that

Cov[pr(S1), 9e(S2)] = Ap(A1, 12, 0).
We are now in position to prove Proposition IV.2.1.

Proof of Proposition IV.2.1. Throughout the proof, we can and will assume without loss of generality,
that S; and S are both oriented in the same way. Indeed, if S is a line segment, then —S is the same line
segment with opposite orientation to S and therefore ¢ (—S) = —d£(S).

In order to prove the statement, we distinguish two cases: (A) S; and S, are parallel, and (B) S| and
S, are not parallel.

Case (A): We treat the case where S| and S, are parallel line segments. Let y; : ¢ € [a, b] — te; and
vy :t €lc,d] - tej+Ley where0 < a < b,0 < ¢ < dand L > 0 are fixed real numbers be the respective
parametrizations of S and S>. Note that the case L = 0 corresponds to the configuration where S; and
S, are supported by the same line, whereas, the case L > 0 corresponds to the case where S| and S, are
supported by parallel distinct lines. We have that ||y, (t) — 72(S)||2 = 1(#,0) = (s, L)||*> = (t — 5)*> + L?.
Therefore, performing the linear change of variables (1, v) = (¢, t — 5), we infer

COV[¢E(51) PE(S2)]
d/ Jo (2n VE(t = )7 + L?) Jy (2x VE(t = ) + L?)
= — t
2eVEA(t - 5)2 + L2

) 27r VE W2 + LZ) Ji (271' VEW2 + LZ)
- u/ 2 VEVW2 + 12

| b | sxVEw—c)  Jo (\/v2 + Q2r \/EL)z) Ji (\/v2 + (2 \/EL)2)
= J— dl,t dV

32 a 27T\/E 272 VE (u—d) [vz + (27‘[ \/EL)Z

1 b
= 3 duK® (u; L, ¢, d), (IV.2.11)
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where we set

27 VE (u—c) J() ( \/Vz + (27[2 \/EL)Z) Jl (\/V2 + (271- \/EL)Z)
dv . (IV.2.12)

1
27 VE Jor VEw—-a) 2 4 (2r VEL)?

Note that, using (IV.2.8) and the bound |J,,(x)| < 1,v =0, 1, 2 implies that

KEw: L, c,d) =

1
=5 Jo(x) (Jo(x) + 2(x))] < 1

Jo(x) i) _ 1
2

X

so that

27 VE (u—c)

27 VE Jor VEw-a)

|KE(u;L,c,d)| < dv=d-c,

for every u € (a, b) and every ¢ < d, so that KE (u; L, c, d) is integrable on (a, b). We now study the two
cases L > 0 and L = 0 separately.
Case (A.1): L > 0. Fix L > 0. We show that KE(u; L,c,d) = o(1/VE) as E — o uniformly for

u € (a,b). Indeed, using the fact that |J, (x)| = O(x %) for x > 0 and v = 0, 1,2, we infer from
(IV.2.12) that for every u € (a, b),

o(1 27 VE (u—c) 1 o1 27 VE (u-c)
VE|KE (u; L,c. d)| < od) < oD

1
dv < dv— = O(E™'"),
2 JorVEw-ay v+ aVEL)? T 27 JoavEw-ay E

where the constant involved in the “big-O’ notation does not depend on u. Thus VEKE (u; L, c,d) — 0
as E — oo uniformly on [a, b], and therefore we infer from (IV.2.11)

1

Cov|[pe(S1), 9E(S2)] = O (E)

as E — oo, which gives the desired conclusion.

Case (A.2): L = 0. Setting L = 0 in (IV.2.12), we obtain

Y e YA
dy—————.
22 VE Jor VEw-a) vl
In order to show (IV.2.1), we treat the two cases (i) [a, b] N [c, d] = 0 and (ii) [a, b] N [c, d] # 0. We start
by case (i). This is the case whena < b <c <dorc <d <a < b. Weonly treatthecasea < b <c <d

as the other case is dealt with similarly. The assumption a < b < ¢ < d implies that u — ¢ < 0 and
u—d < 0 forevery u € (a, b). Then, using the fact that |J, (x)| = O(x~Y2) for x > 0, we have

KEw:0,¢,d) =

1 [2xVE@-c) [Jo(IvDJ1(IvDI
dv——-——"

IA

vVE |KE(u; 0,c, d)|

21 22 VE (u—d) v
272 VE (u—c)
o) dv_O(l)(l 1)
27 JonNEw-a) V? VE)\c—u d-u)’

which goes to zero as E — oo, uniformly for u € (a, b). Thus, from (IV.2.11) it follows that in this case

1
Cov[¢Ee(S1), ¢e($2)] = 0 (E)
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which implies (IV.2.1).
We now study the case (ii) and start with the special case (c,d) = (a, b), that is when S| = S>. From
(IV.2.11), we write

b
VECov[$(S1), $(S1)] = % / duVEKE (u;0, a, b)

with

27 VE(u-a) L JoDA VD _ i/z’f@(““” PRGNS
27 VE (u—b) v '

1
VEKE (u;0,a,b) = —/
2

27 Jon VE(u-b) [v| 27

where we used that Jy is even and J; is odd. Now computations based on differentiation of Bessel
functions imply that <L [v(Jo(v)? + J1(1)?) = Jo()J1 ()] = Jo()J1 (v)/v, so that

27 VE (u-a)

1
VEKE 0:0.a.b) = — [v(Jo)* + () = oM B W], 7

and therefore

\/_ B b 2 2 2”@(14_(1)
ECov[¢r(S)), pe(S1)] = oar . du [V(JO(V) +1(v) )]ZR\/E(u—b)
I 27 VE(u-a)
64n J, dulIoW Wy Gy 215

-1/2

For the first term, we use the dominated convergence theorem: since |J, (x)| < C,x~"/%, x > 0 for some

constant C,, > 0, it follows that

27 VE (u-a)

2, 2
22 VE(u—b) < 2[Cy + (7]

[v(Jo()? + 1(v)D)]

which is integrable on (g, b). Setting f(v) := v(Jo(v)* + J;1 (v)?), we have f(—v) = —f(v) and

27 VE (u-a)

[ (o) + D], e | = @A VE@ —a)) =§r VE(u — b)),

so that

27 VE (u-a)

[V + ], by

lim = lim 2f(2n \/E(u —a)) = lim 2f(y)
E—o E—o y—0o0

since u — a > (0. Now, the asymptotic expansion of Bessel functions (see for instance [Kral4])

2
J(3) = | cos(y —wy) + 072, w, 1= Qv+ 1)%, y = oo (IV.2.14)
Ty
yield
2 2 2 2 2 2 4
2f(y) ~2y— cos(x—z) + cos x—3—ﬂ =2y— cos(x—z) +sin(x—z) =—
my 4 4 my 4 4 by

as y — oo. Thus, by dominated convergence, we obtain

27 VE (u—a) 1 b 4 1
- — —du = —
2aVEw-b) ~ 64r J, ® 1672

b
LY LW [v(]o(v)2 +J1 (V)z)]

b_
64r |, (b-a)
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as E — oo. For the remainder term in (IV.2.13), we use the bound |Jo(x)|] < Cox~'/2,x > 0 and
[J1(x)] < 1 to obtain

b b
/ du LI R LT VL < / Vo VE(u - a))| |1 22 VE(u - )|

+ |Jo(27r VE(b - u))( )Jl QrVE(®b - u))| du

b
1 1 1
< ¢ + <c Vb - a
/a EV4\lu—a EU4\b—u El/4

for some constant ¢ > 0. This proves that

1 b- 1
Cov[¢r(S1). oE(S)] = @TE“ ”(ﬁ)'

Let us now assume that S; # S, but S;NS, # 0. Without loss of generality, assume that0 < a < ¢ < b < d,
that is S1 N Sy = [¢, b] X {0}. Exploiting the linearity of ¢, we write

PE(S2) = ¢E([c, b] X {0}) + ¢£([b,d] x {0})

and use the previous observations to obtain

Cov[¢pe(S1), pE(S2)]
= Cov|[pe([a,c] x {0}), pe([c, b] X {0})] + Cov[dE ([a, c] X {0}), £ ([b, d] x {0})]
+Cov[¢E ([c, b] x {0}), pE([c, bl X {0})] + Cov[pe([c, b] X {0}), e ([b,d] X {0})]

= Cov[¢r(lc, bl X {0}), ¢£([c,b] X {0D] + 0 (%)

A(S1, $2) ‘o (L)
16n2VE vE/
which is IV.2.1).

Case (B): We now treat the case where the line segments are not parallel. We will use the parametrizations
(IV.2.4) and (IV.2.5) of Sy and S, respectively with

p=1(0,0), 6¢€[0,2m)\{0,7}.
Moreover, in this case
Cov[pe(S1), pe(S2)] = AE(A1,42,60) + BE(A1, A2, 60) (IV.2.15)

where Ag (A1, 42, 6) and Bg (44, A2, 0) are given in (IV.2.9) and (IV.2.10), respectively. We show that
both the contributions of Az (A1, A2, 0) and Bg (11, A, 0) to the covariance are of order o(E~/?) in the
high-energy regime. By (IV.2.8), we can write

cos 6

Ap(A1,A2,0) = o1

A Ay
/ dt / dsJo(=(1,9) (Jo(rE (1. 5)) + L (TE (1. 5)))
0 0

where we recall tE(t,s) = 2n VE V12 + 52 — 2st cos 6. Passing to polar coordinates (z,s) =
(pcos ¢, psin ¢), we have

27 \/E\/pz —2p2sin ¢ cos ¢ cos § = 2 VEp /1 — sin(2¢) cos 6

7E(pcos ¢, psin ¢)
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= E(p ¢). (IV.2.16)

We note that 7€ (p, ¢) > 0 and cos@ # 0 for 6 € [0,27) \ {0, 7}. Using polar coordinates (p, ¢) on
rectangle [0, 4] X [0, A,] and the fact that the line joining the origin and the point (11, A,) forms an angle
of arctan(A,/ 1) shows that the range of integration is parametrized according to

4 Ay ap Ay/cos ¢ /2 A2/ sin¢g
/ dt/ ds :/ d¢/ pdp+/ dgb/ pdp, av.2.17)
0 0 0 0 ain 0

where we set a1 := arctan(A2/41) € (0, 7/2). We split the integral

cos 6

Agp(A1,42,0) = o1

A1 A
/ dt / dsJo(5(1,9) (Jo(zE (1, 5)) + H(TE (1, 5)))
0 0

cos 6

ay,n A1/ cos ¢
= == / pdpJo(F (p, )) (Jo(F5 (0, $)) + 1(F5 (p,9)))
0 0

g [7/2 A/ sin ¢
e / d¢ /0 pdploFE (0. 9)) (Jo(FE (p.9)) + 1(TF (0. 9)))

=1 Ag1(41,142,6) + Ag (A1, A2,0).

We focus on the term Ag (A4, 42,0). For fixed ¢ € (0,a;2), we perform the change of variable
v = t5(p, ¢) with dy = T5(1, ¢)dp, yielding

7E1,4)2
(7] a2 d cos
Api(hA20) = = /0 (fE(f ) /0 T dpudow) (o) + b))
- CZQ / " UOKE (8. 11.6), (IV.2.18)
0
with
1 fEfli(p)/zl
KE($:21.0) = ——— | 7" duw o) (i J
(¢;41,0) GEL O Jo Yy Jo(¥) ( o(lﬁ)+w2(lﬁ))

) #/ﬂsc(g;ﬁm dwj D) - 2 [_Jo(wz]fﬁig‘;’,m o)
T FEL9))? Jo O T EQ e 2 ’ -

where we used (IV.2.8) and the fact that ﬁJo(;b) = —J1(¢). Thus, it follows that (since |Jyp(x)| < 1)

1
tE(1, ¢))?

2
S =T
(FE(1, ¢))?

2
|KE(¢;/11,9)|§( ) — Jo(0)?

-E
Jo (T (Lol

cos ¢

so that by (IV.2.18)

aq,2 2 3 2 aq,2 d¢ B _1
A1 (A1, 42, 0)] 5/0 d¢(fE(1, )2 47r2E/0 1 — sin(26) cos(0) _ OE™)

where the last upper bound is justified by the reverse triangular inequality |x — y| > ||x| — |yl|, the
assumption | cos 8| # 1 and

ay ay,2
/ _d9 < / _d¢ < M2 (1V.2.20)
0 |1 —sin(2¢) cos G| 0 1 — | sin(2¢)|| cos 8| 1—|cosd|
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Arguing similarly for the term Ag (A1, A2,0), we obtain that |Ag2(A1, 42,6)| = O(E™"), so that
|Ag (A1, 22,0)] = O(E™') as E — co. We now treat the term Bg (A, A2, 6). From (IV.2.10), we
have

sintg pt i s (o @ s) B @ s) + 11 s))
Bi (1, 22,0) 1= / dt/

12 4+ 52 —2stcosd

Passing to polar coordinates and using (IV.2.17), we write
Be (41, 42,60) = Bg,1(41, 42, 6) + Bg2(41, 12, 0),

where

#E 1,4

. sin” 6 2 d¢ sin ¢ cos ¢ cos ¢ 2
B1 (A1, 42, 0) = —— /0 FEQL )7 1 sin(29) 0050 /0 dyy (Jo) W) + 1)),

and

#E(1,0)1,

a sin2@ [7/? do sin ¢ cos ¢ s )
Beat 4a0) =57 | Wiy [ e (hwrnw + nwr).

We treat the first term B (41, A2, 8). We write

L) a2
Br1 (A1, A, 0) = —51;‘29 / dgME (; 2., 6), (Iv2.21)
0
where
1 ) ¢ ¢ %E(l,i)/ll
E, . . sin ¢ cos cos )
ME@A1.0) = s T o 29 osd /0 dyy (o) hW) + 1 W)?) .

Using the asymptotic expansion of Bessel functions in (IV.2.14) yields

2
b (Jo ) + hw)?) = 2 cos (20 + 5) + 0™ = 2 sin2w) + 0™

as ¥ — oo, so that for large E

Eany
A dyy (JoW) (W) + J1(9)?)
! Lol
= /0 dyy (Jo) hW) + 1)) + /1 dyy (JoW) W) + J1(¥)?)
) Eaot,
- 0(1)+—/ " ay (sin2p) + 0w ™)
T
~E ~E
- lcos(—zT (1’¢)/12) 0(1)(1+1 (—(1"’5”2))
b cos @ cos ¢
~F
- O(l)(l+log(%£/lz)).

Therefore, we conclude by (IV.2.21)

3 sin? g [o2 d¢ sin ¢ cos ¢ 2 (1, p) A2
Beatd0) = 50 <fE<1,¢>>21—sin<2¢>cos0{0(1)(1+1 (W))}
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sin? @ O(1) ‘md sin ¢ cos ¢

327 4n2E J, (1 — sin(2¢) cos 6)2
. 2 a .
sin“ 6 O(1) 1,2 sin ¢ cos N
- . n ¢ cos S log (77 (1, $)A2)
32n 4n%E ), (1 —sin(2¢) cos 6)
. 2 a .
6 O(1 1,2
N sin (1) s1.n ¢ cos @ log (cos ¢)
321 4n2E )y (1 — sin(2¢) cos 0)?

= bl +b%+by.

Clearly we have |b115| = O(E7") since (arguing similarly as in (IV.2.20))

/“1’2 db ‘ si'n ¢ cos ¢
0 (1 — sin(2¢) cos 0)?

ay,2
S/ a¢ = 91,2 < 00
o (1—|cosf)? (1—]cosh|)?

since | cos 6| # 1. Let us now consider the term bé. Using (IV.2.16), we write

log (27r/12 VE \/1 — sin(2¢) cos 6)
27'log E + log (27742 V1 =sin(2¢) cos 6) = O(log E) + O(1),

log (7*(1,¢)42)

where we used the fact that the map ¢ +— log (27r/12 \/ 1 — sin(2¢) cos 0) is bounded. Thus, arguing

as above shows that |b12€| = O(E™' + log(E)/E) = O(log(E)/E). For the term b%, we show that
|b13€| = O(E™"). Indeed, since a1, = arctan(dy/A1) < /2, we have

@12 sin ¢ cos ¢ 1 /2
/0 dqb’(l Sin(29) <03 6)? log (cos ¢)' < m/o d¢|log(cos ¢)| < oo

since it is straightforward to check that

/2 nlog?2
/O d¢|log(cos ¢)| = Sk

2

Indeed, the last integral is obtained as follows: Since log(cos ¢)) < 0 on (0, r/2), we have

/2 /2
/ d¢|log(cos ¢)| = —/ d¢log(cos @) =: =1
0 0

By changing variable u = n/2 — ¢, we have that I = 0”/2 d¢log(sin ¢) and also by symmetry I =

f ”/2 d¢log(sin ¢). Therefore, we have

T

/2 /2
21 = / de¢log(cos ¢ sin ¢) = / d¢ (log(sin2¢) — log2)
0 0
1 [" ) rlog2 1 mlog?2 mlog?2
= =/ dp - =~ x2[ - e L
: /0 og(sin p)dg — TE2 = 1 X x
so that 7 = — X122 a5 desired.

2 .
Combining the contributions of each of the terms v, Jj =1,2,3, we conclude that Bg (41, 42,0) =

O(E™! log E). The analysis for Bg (A1, 42,6) is done analogously, so that Bg (A1, A2,6)
O(E™! log E). We conclude from (IV.2.15) that, as £ — oo,

log E 1
Cov[dr(S1), 65 ()] = Ap(A1, 12, 8) + Bp (A1, A2,60) = O ( "i ) =0 (ﬁ)

which proves the statement. This concludes the proof. O
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_ We now prove the following multivariate Central Limit Theorem for the normalized random variables
PE(S) = 4nE PR (S).

Proposition I1V.2.3 (Multi-dimensional CLT for line segments). For every integer d > 1 and every line
segments Sy, . . ., Sq, we have that, as E — oo,

~ ~ d
(6E(S). ... ¢E(Sa)) = Na(0.%),

where X = {X(i,j) :i,j = 1,...,d} is the d X d matrix defined by
(i, j) = A8, S), iLj=1,....d,

where A(S;, S;) is the signed length of S; N S;.

Proof. Using the fact that for every line segment S, ¢£(S) is an element of the second Wiener chaos
and we proved that the covariances E [$E(Sl)$E(Sz)] converge to A(S;, Sj) as E — oo (see Proposition
IV.2.1), it is sufficient to prove the statement for d = 1, since in view of Peccati-Tudor Theorem 1.1.31,
joint convergence is equivalent to marginal convergence for chaotic sequences. By invariance under rigid
motions of the plane of Berry’s random wave model, we can assume without loss of generality, that
S1 =10, L] x {0} for L > 0. Using the fact that ng, = e, we have

1/4

2

L
Fe(S) = = / B (x,0)8,BE (x, 0)dx. (IV.2.22)
0

We now represent ¢z (S1) as a multiple integral of order 2 with respect to an isonormal Gaussian process
on the Hilbert space L?([0, 1], 1), where A denotes Lebesgue measure (see Remark IV.1.18 (c)). For
(x,0) € R?, let fE(x,-), fE(x,-) : [0, 1] = R be such that

Be(x,0) = [I(fE(x,)), ®Be(x) = L(ff(x"),

where [, denotes the Wiener-Itd isometry of order @. Using the product formula for multiple integrals
(see (1.1.28)) and independence, we can write

Bi(x,0)0,BE(x,0) = I (f§ (5,983 (x,) + Io (f5 (x. )@1f5 (%)) = b (£ (5,085 (%)),

where the symbols ®, and ®, denote the contraction operator of order r and its symmetrization respectively
(see (1.1.22)). In particular, for r = 0 and r = 1, these are given by (writing A(du) = du)

fExHefE(x, ),
1
/0 fo o) fy (ewydu = (5 (x,), fr (6, 2o = 0

18 (@0 f5 (x,°)

FEx @1 fF(x, )

where the last identity follows from the isometry property for Wiener integrals and independence. It
follows from (IV.2.22) that,

1/4
2

L
Ge(sn) = T [ (A 9B o) dx = 1 (k).

where (Sym denotes the symmetrization operator)

1/4

L
KE vy = ”i Sym{ /0 ff(x,u)ff(x,wdx}
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7TE1/4

L b
= 2 {/ f(f(X,M)fQE(x, v)dx +/ ff(x,v)ff(x,u)dx}. (IV.2.23)
0 a

In order to show that aE(Sl) satisfies a CLT as E — oo, it suffices to show that ||k ®, kE||L2([o,1]2,,1®2)
converges to zero as £ — oo, in view of the Fourth Moment Theorem 1.1.30. From (IV.2.23) it follows
that

1
KE @1 KE (u,v) = / dzkE (u, DKE (v, 2)
0

HZ\/E 1
16 Jo

L L
dz {/ f(‘)E (x, u)sz(x, z)dx + / ff (x, z)fé5 (x, u)dx}
0 0

L L
X{/O fEOWfr (3, 2)dy +/0 fEw, z)sz(y,V)dy},

that is, after expanding, a sum of four terms, among which one of them is (ignoring multiplicative constants
that are independent of E)

L L 1
wv) — VE /0 dx /O dy fE (x.0) fE (3, v) /0 dzfE (e 2 fE (3, 2)
L L
= VE [ [ avgf oo 0002 02866 0050

L L
- VE /0 dx /0 dy FE () FE (3, )7, (x = 1,0)

by isometry. From this, we compute the squared norm

1 1
2
1 @1 k=17 20, 12,02y = /0 du /0 dv [k & kE . v)]",

which is given by a sum of 16 terms that have all the same behaviour. We will expose the details for one of
them (which is representative of the difficulty), the others can be treated similarly. Exploiting once more
the isometry property of Wiener integrals, one among them (corresponding to the computation above) is
given by

E / dxy ... dxs F5y(x1 — X2, 0075, (x2 — x3, 00 (x3 = x4,0)rF (x4 — x1,0). (IV.2.24)
[0, L]* | '

We now show that the integral in (IV.2.24) converges to zero as £ — oo. Performing the change of
variables (uy, up, us, ug) = (X1 — X2, X2 — X3, X3 — X4, X4) yields that the integral in (IV.2.24) is equal to

L L—uy L—(u3+u4) L—(ur+usz+uy)
E / dug / dus / duy / duy 755 (uy, 0)75, (ua, 0)r" (u3, 0)

(u3+ug) (up+uz+ug)

rE(=uy — uy — u3,0)

L 2L 4L
< EL / dus / duy / duy |74, (us, 0)7%, (12, 0)r (uy, 0) (IV.2.25)
-L -2L —4L ’ ’

where in the second line, we used the fact that |[#F(-)] < 1 and uniformly bounded the regions of
integrations. Now using [NPR19, Lemma 3.1] and the relation (IV.2.8) yields

J1 2 VE|u3))

FE (u3,0) = JoQ2n VE|u3|) + J, 2 VE|u3)) = 2
’ 2 \/Elu3|
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so that changing variable v = 27 VEus,

2nVEL MU
n\/_ 2n\FL |V|

/ du3 |7y, (u3, 0)| =

Splitting the region of integrations and using that IF% ,()] < 2yields

1 /2”r Dl /|J1<|v|>| 2 /”mzul(vndv
271\/EL 27 VEL [v] 27r\/_ [v] 27r\/E 1 v

The first term is O(E~'/2). For the second term, we use the bound |J; (v)| < v~1/2, to obtain

2 2 \/EL |Jl (V)| 2 2 ‘/EL 1 12
2 dv < — =0(E™ ).
27 VE )1 v 27 VE )1 v3/2

For the integration with respect to u; in (IV.2.25), we have that

4L 1 8t VEL
/ rE (u1,0)lduy = 0(1)+/ [Jo(v)ldv
—4L, 2 \/E 1
1 87 VEL 1 14
< 0(1)+/ —dv|=0(E™'").
nr( Vv
From this, we deduce that the integral in (IV.2.24) is O(E - E-\2E~12E=1/*) = O(E~'/*), which suffices.

O

We now conclude the proofs of Theorem IV.1.20 and Theorem IV.1.21. These will essentially follow
from the findings of Proposition IV.2.1 and the linearity property of ¢g in (IV.1.10).

Proof of Theorem IV.1.20. Assume that C;, C; € ‘5 are given by C; = Z "L a;Sjand G = Zrz B;T; for
aj, B; € R and line segments Sy,...,S,,T1,.. . Then, by the add1t1v1ty rule (IV.1.10) and in view
of the covariance structure for line segments proved in Proposition IV.2.1, it follows that, as £ — oo,

non

Cov[g(C1), 9£(C)] = )| > i BCov| 9 (S)), i (T0)]

j=1 k=1
rzzz 4 /I(SJ’Tk) (L) _ AC, &) to (L)
— & P eNE TO\VE) T TemevE T \VE)

where we used the bilinearity of A(-,-). The variance estimate follows after setting C; = C, above. This
finishes the proof. O

Proof of Theorem IV.1.21. Thanks to the estimate in (IV.1.13) and the Peccati-Tudor Theorem 1.1.31,

it suffices to prove the statement for d = 1. Write C = Z’ ,@;S; for line segments Si,..., S,
and «@i,...,ar € R.  The additivity property (IV.1.10) and the fact that the random vector
(e (S1),...,0E(S,)) converges in distribution to a Gaussian vector with covariance matrix X(i, j) =

A(S;, )i, 7 = 1,...,r (in view of Proposition IV.2.3) imply that aE (C) converges in distribution to a
Gaussian random variable with variance A(C, C). O
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IV.2.2 Proof of Corollary IV.1.6

In view of the variance estimate in Theorem IV.1.20, and taking into account the normalization in the
definition of Xg (see (IV.1.5)), we deduce that the finite-dimensional distributions of Xg[2] converge to
zero. We are thus left to show that the laws of {Xg[2] : E > 0} are tight, which is the content of the
following proposition.

Proposition IV.2.4. The laws of the random functions {Xg[2] : E > 0} are tight in D,.

The proof of Proposition 1V.2.4 is based on the following criterion by Davydov and Zitikis [DZ08,
Theorem 1] for proving weak convergence of processes on [0, 1]¢.

Theorem IV.2.5 (see [DZO08]). Let Y, = {Yn(t) 1t €10, l]d},n > 1 be a collection of real-valued

stochastic processes on [0, 119 such that its paths belong P-almost surely to C([0, 119, R). Assume
furthermore that

(a) the finite-dimensional distributions of Y,, converge to those of some stochastic process Y,

(b) there exist@ > B > d, ¢ > 0 and a numerical sequence {a,, : n > 1} such that a,, = 0 as n — oo,
E[|Y,(0)|*] < ¢ for everyn > 1 and

E[1%(t) = Yu()|*] < clit = sIF, Vt,s € [0, 117 < ||t = 5]l > @y, (1V.2.26)
(c) for the sequence {a,, : n > 1} at point (b), we have as n — oo,

wy, (@) = sup  |Yu(t) = Y(s)] — O. (IV.2.27)

lt=sll<an

Then, as n — o0, Y,, converges weakly to Y andY has continuous paths P-almost surely.

In order to prove that the process X [2] verifies the assumptions (IV.2.26) and (IV.2.27), our arguments
make use of the following moment estimates for suprema of stationary Gaussian random fields. Here, for
a function f : R4 — R, a domain D c R and an integer j > 0, we denote by

Ifllci(p) := sup sup |a f(x)]

x€D |al<j

where 0o f (x) 1= 0y, ... c'i;tff(x), for a := (ay,...,ag) with |a| := Zle ak. The proof of Proposition
IV.2.6 is postponed to Appendix IV.B.

Proposition IV.2.6. Let G be a stationary Gaussian random field on R?. Assume that for every m > 0,
there exists a constant 5>(m) < oo such that

E [((’)(,G(x))z] <& (m), VaeN9 |a| <m. (IV.2.28)

Then, for any p > 1,

B [IGIZ, | < € logtvolD)}"*

where C > 0 is an absolute constant depending on p and j, and vol(D) is the volume of D.

The following auxiliary results are needed to complete the proof Proposition 1V.2.4.
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Lemma IV.2.7. Fort = (t1,12) € [0, 112, we write D¢ := [0,t;] X [0,22]. Then, for every continuous
function f 1 [0,11> = R and every t,s € [0, 1]%, we have

<C sup [fx)]llt-sl],
xe[0,1]?

‘ f(x)dx — f(x)dx
Dy

Ds

for some absolute constant C > 0.

Proof. This follows directly from the fact that area(Dx \ Ds) < C||t —s||, for some constant C > 0 which
is independent of t and s. O

Lemma IV.2.8. Foreveryp > 1 and E > 0, we have

sup ||VBg(x)|”
xe[O,l]2

E| sup |Be(x)|”|+E < C(log E)P?,

x€[0,1]2

where C > 0 is some absolute constant depending only on p.

Proof. We use the fact that Bg d Bi1(@2n VE -) as random fields, so that

E| sup Bg(x)?

x€[0,1]2

sup  Bi(y)P } :
ye[0,27 VE2

It is easy to see that the assumption (IV.2.28) of Proposition IV.2.6 is satisfied by B;. Applying the

estimate in Proposition IV.2.6 with D = [0, 271 \/E]2 c R? yields the desired conclusion. The second
supremum involving the normalized gradient is dealt with in the same way. O

We are now in the position to prove Proposition IV.2.4.

Proof of Proposition IV.2.4. In view of Theorem IV.2.5 and the fact that the finite-dimensional dis-
tributions of Xg[2] converge to those of the zero-process, it is sufficient to prove that there exists a
numerical sequence {ag : E > 0} such that ag — 0 as £ — oo and (i) there exist absolute constants
a > B> 2,¢ > 0 such that

E [IXg[21(t) - XE[21(s)[*] < clie=slP, Yes:lt—s| > ap (Iv.2.29)
and (i1)
w(E) = sup |Xg[2](t) — XE[2](s)]| i 0, (Iv.2.30)
It-sll<ak

as £ — oo. We claim that choosing ag := (VE log E)~! verifies the above conditions (i) and (ii). Let
us prove that (i) holds. The variance estimate in Theorem IV.1.20 implies that there exists an absolute
constant K > 0 such that for every £ > 0 and every t € [0, 1]%, Var[X[2](t)] < K(VElog E)™".
Therefore, choosing @ = 2 in (IV.2.29), we infer that for every t, s such that ||t —s|| > ( VE log E)~!,

E [(X£[21(t) - X£[21(5))%] < 2Var[X£[2](0)] + 2Var[X£[2](s)] < clit—sl.

< K
~ VElogE

Since for every t € [0, 112, Xg[2](t) is an element of the second Wiener chaos associated with Bg, we
exploit the hypercontractivity property for multiple Wiener integrals (see (I.1.29)) to obtain (for some
absolute constant C > 0)

B [(Xe[21() - Xe[21(5))7] < CE [(X[210) - Xe[216)?]" < Cllt - )72
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for every p > 4, which gives the desired estimate in (IV.2.29) since p/2 > 2. Let us now argue that (ii)
holds. By [NPR19, Eq. (4.58)], we can write

Xpl21(t) = 512”.,%[2]@0 w/512’”«@[ /DBEu) dr+ [ I9BE00] dx]

log E

1/ [ /BE<x> dx + ||VBE(x)||2dx]
Dy Dy

Combining this expression with Lemma IV.2.7 applied to f = Bg(-)? and f = ||€BE(-)||2, yields for
every choice of t, s such that ||t — s|| < ag (denoting by C an absolute constant whose value varies from
line to line)

il

IXE[2]1(t) — XE[2](s)]

E

C {‘ / B (x)%dx — / B (x)%dx| +
IOgE Dy D
E 2 I~ 2

C I sup [Be(x)|"+ sup [I[VBe(x)|I“¢ It sl
ogk xe[0,1]2 x€[0,112

C 2 v 2
———=>=9 sup [Be(x)|"+ sup [VBE()I"¢,
(log E)3/2 { €011 xel0.1P

/ IV BE (x)|dx —
Dy

where we used the definition of ag. This implies that

E

Elw(E)] sup | Xg[2](t) — XE[2](s)]

It-sll<ag

_ ¢ g
(log E)* {

¢ log E ¢
(log E)3/2 s v]0og E

where we used Lemma IV.2.8 with p = 2. Therefore, by the Markov inequality we have for every n > 0,

sup |Bp(x)|*| +E

x€[0,1]? x€[0,1]2

sup ||5BE<x)||2dx”

Cc
P{w(E) >} < 'Elw(E)] < ——.
n+/logE
which proves the validity of (ii). O

IV.2.3 Proof of Theorem IV.1.8 and Corollary I1V.1.9

Our proof of Theorem IV.1.8 is based on a planar chaining argument, similar to the one presented in
[DT89] and [MW11] in dimension one for a study related to empirical processes.

We start with a preliminary lemma, yielding a L? bound for increments of Rg = 3 ¢>3 XE[2q] along
rectangles of the form [sy,#1] X [s2,12] C [0, 112

Lemma IV.2.9. Forevery(0 <s; <t; €[0,1],i = 1,2, and E > 0, we have that

C
E[(Re(tn.12) = Ru(s1.12) = Re(t1.52) + Re(s1.52)°] < —— [(11 = s1) (12 = s2)].
ogkE

where C > 0 is some absolute constant (independent of t1,t,, 51, s2 and E).
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Proof. Let D(t,s) := [s1,t1] X [$2,22]. By definition of Rg and the additivity of the nodal length, we
have

REe(t1,12) — RE(s1,12) — Re(t1, 52) + RE(s1, 82) =

512n
log E ; Ze2q)(D(ts)).  (IV.2.31)

By inspection of the arguments used in the proofs of [NPR19, Lemmas 7.6,7.8,7.9], one verifies that there
is an absolute constant C; > 0 (independent of t, s and E) such that

Var Z ZE[291(D(t,s))

q>3

< Crarea(D(t,s)).

Taking the square of L?(P)-norm in (IV.2.31), and exploiting the above upper bound, we obtain

512n
B[(Re(1.12) = Re(s1.12) = Re (11, 52) + Re(s1.52))°| = == Var| " Zp[24)(D(L.))
ogkE =
5127
=C D = 1 - t) — $2),
110gEarea( (ts)) logE( 1= 81)(12 — 52)
which gives the desired conclusion. O

We are now in the position to prove Proposition IV.1.8.

Proof of Theorem 1V.1.8. We start by introducing refining partitions of the unit square.

Refining partitions of the unit square. Let us fix a large integer K (whose exact value will be chosen later
as a function of E). For every integers k, k" = 0,..., K, and every vector i = (if,ip) € {0, cees 2"} X

{O, e 2"’}, we define the partition points

i1 i

pi(k, k") := (piy (k). pi (k")) = (27 o

) € [0, 1%

Moreover, for every t = (t1,¢) € [0,1]> and k,k’ = 0,...,K, we define the vector ij(t) =
(i1k (1), in ke (2)) to be such that

Pivee)(K) <t < piyapy+1(K)s Piy o) (K7) < 12 < piy o)1 (K,

that is, for every t € [0, 112, the vector ix.x (t) is such that Pi;. ) (k, k") is the closest partition point to t
on the left.

We introduce the following operators.

Definition IV.2.10. Given a function f : [0,1]> — R a point t = (t1,7;) € [0,1]?, and k, k' €
{0, ..., K — 1}, we define the difference operator

Aci fO) = f (P G+ D piy ey (K + 1)) = f (Piy s 0y Gk + 1, piy ) (KD)
-f (pil,k(ll)(k)’ piz,k’+1(t2)(k/ + 1)) +f (pil,k(tl)(k)’piz,k’(lz)(k,)) .

Also, for k, k" € {0,...,K — 1}, we set

Ak f®) = (1 Pigyn (K + 1) = £t iy 1) (K))
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-f (pi],K(tl)(K)’piz,k/+1(12)(k, + 1)) +f (pi|,1<(t1)(K)vpiz,k/(tz)(k,)) >
Ak f®) = f (Pingnren(k+1.12) = f (Piy s Gk + 1), iy g 1) (KD )
-f (pil,k(ll)(k)’ l‘z) +f (pil,k(ll)(k)’piz,K(lz)(K))

and finally

Ak ft) = f(t1.12) = f (11 iy i (K))
—f (Pir 0 (KD 12) + £ (Pir e 60y KD Pis e 1) (KD ) -

Also, we use the notations A ok A}; v and A+ to indicate the operators obtained from the relations

above by replacing ¢ and t; w1th Piy i (tp)+1(k) and Piy o (12)+1 (k"), respectively.

We remark that, by construction of the refining partitions, we have either p;, , (k) = pi, ;@) (k + 1)
or iy () (K + 1) = piy oy (k) = 2=+ (and similarly for partition coordinates involving the index i)
which yields in particular

|Ag i f(21,12)]

1 o 1 ,
’f (pil,k(l‘])(k) + W,Piz’k/(tz)(k ) + W) - f (pil,k(l‘])(k) + W,Piz’k/(tz)(k ))
1
f (le k(t1)<k) P12 k/(tz)(k ) + 2k’+l) + f (le k(tl)(k) p12 kf(lz)(k ))’ (IV232)

In view of the above defined difference operators, the following bivariate telescopic formula holds

K
flnn) = Y A f(tt) (IV.2.33)

k,k’=0

for every f : [0, 1? > R.

Let us now write RE for the discretized version of Rg associated with the above partition. Applying
(IV.2.33) to RX, we can write for every t € [0, 112,

Z M RE )] <

k kl_

|RK(t)| = Z |Ak,k'R§(t)| +

(k,k"YeB(K)

D MwRE®),

(k,k")eB(K)

(Iv.2.34)

where we set B(K) := {(k, k') € {0,...,K}? : max(k, k') = K}. Note that the second term in the R.H.S
of (IV.2.34) vanishes by definition of the operators Ag i/, Ak, k and Ak i, and the fact that we consider
the discretized remainder RE : indeed, for every (k, k') € B(K), we have that Ak,k/Rg (t) = 0. From this,
we conclude that, for every £ > 0,

{ sup |RE (t)] >$} <P{ sup Z A RE®)] > £ ¢ (IV.2.35)
te[0,1]2 tel0112 (& k') eB(K)®

We remark that the R.H.S involves the increments on closest partition points associated with t. Now,
using the fact that

2 T S
(k+3)2(k +3)2 ~°

k,k’>0
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and the Chebychev inequality, we can bound the probability in (IV.2.35) by

&
sup |Agw RE (1) ,
(k,kgz;uot {te[o 12 ) | (k +3)2(k’ +3)2
< P{|Ak,k/R§(p(i1,i2)(k + 1, k+ 1))‘ > — 2}
(k,k’)eB(K)€ i1=0ir=0 (k +3)2(k’ +3)
k/

(k +3)* (k’ +3)4 3 o
< . ey
> Z Z logE 2k+1 2k/+1 - IOgE

(k,k"YeB(K)© i1=0 i,=0

where we used Lemma IV.2.9. Therefore, this probability converges to zero once we chose K = K(E) in
such a way that K (E) — oo and K(E) = o((log E)'/1%) as E — co. This concludes the proof. o

Proof of Corollary 1V.1.9. Let us choose K = K(E) as in the statement. By the Wiener chaos expansion
of X 11«:< , We can write

X§ = Xp[4]+ (X141 - Xel41) + Xp[2] + (XF 121 - Xe(2]) + RY.

We use the same strategy used to prove Lemma I'V.1.3. The process Xg[4] converges weakly to a standard
Wiener sheet in the space D», in view of [PV20, Theorem 3.4]. The residue process Rg converges to zero
uniformly in probability, in view of Theorem IV.1.8. The second chaotic projections converge weakly to
zero in view of Corollary I'V.1.6. For the term X g [4] — Xg[4] we argue that, for every € > 0,

P{ sup [XE[41(t) - Xp[41()| > g} -0
te[0,1]2

as E — oo. By definition of X g [4], we can rewrite

{ sup [XET41(t) - Xe[41(H)| > s} { sup [Xe[41(pig 0 (K, K)) = Xe[41(t)] > s}
te[0,1]? te[0,1]?

Since both Xg[4] and W belong to the space C,, P-almost surely, we can apply the Skorohod Repre-
sentation Theorem [Dud02, Theorem 11.7.2]. Thus, on some probability space (', .%’,P’), there exist
{Ybi E > 0},Z’ € C; such that Y d Xgl4l, 2’ 4 W and supepo 2 Y (0 — Z'(H)] — 0, P’-almost
surely as E — oo. Therefore, denoting by A € Pg a cell of a partition Pg of [0, 11? with mesh |Pg| — 0
as £ — oo, we can write

{ sup | Xg[41(pi 0 (K. K)) = Xe[41(t)| > e}
te[0,1]?

< P'{ sup sup |X;(t) — X;(s)| > 8}
AePE tseA
’ ’ ’ ’ 7 &
< P {sup sup (IXE(t) = Z/(V)] +12'(s) - X} (s)]) > 5}

AePg tseA

+P’{ sup sup |Z'(t) — Z'(s)| > f}
A€ePE t,seA 2

where we used the triangle inequality. For the first probability, we use the fact that X, converges to Z’
uniformly on [0, 1]?, P’-almost surely, implying that

sup sup (IXp(t) = Z'(t)] +1Z'(s) = Xp(s)l) <2 sup |Xp(t) - Z'(t)] -0,
AePEg tseA te[0,1]?
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P’-almost surely. For the second term, we notice that Z’ is uniformly continuous on [0, 1]* (being
continuous on [0, 1]?), so that Supgsep 127(t) = Z'(s)| — 0, P’-almost surely. O
IV.2.4 Proof of Proposition IV.1.14

By Lemma IV.2.9, we deduce that for every t € [0, 117,
Var[Rg(t)] = O !
EXA= " \1ogE)°

where the constants involved in the ’big-O’ notation are independent of t and E. This implies that
the finite-dimensional distributions of the process Rg (e, N) converge to zero for every fixed N > 4.
Therefore, in order to obtain the desired conclusion, it is sufficient to prove that the laws of the random
mappings {Rg(e; N) : E > 0} (for N = N(E) as in the statement) verify a Kolmogorov type estimate of
the form

E [(Rg(t; N) — Re(s; N)?] < c|lt—s||**P,  Vts e [0,1] (IV.2.36)

for some constants «, 8 > 0 and ¢ > 0 that are independent of E. Denoting by Dy := [0, ;] X [0, 2] and
Dys = Dy \ Ds, we have that for every integer N (to be chosen later as a function of E) and every p > 2,

N p
(ZzE[zq]wgs)) ]
q=3

Since 22\23 ZE[29](Dys) is a random variable living in the orthogonal sum of Wiener chaoses up to
order 2N, we use the hypercontractivity property (I.1.29) together with Lemma IV.2.9, to deduce that

1/p
1/p _ 5127TE

E[(Re(t: N) = Re(s:N))” ] log E

1/2
N
512n
E[(Re(t:N) - RN < omn(p = 1) Var ZzE[zq](Dt,s)]
q=3
P DN = sl
g B P~ D"l = sl

where ¢, is some absolute constant only depending on p. In particular, for p = 6 we obtain the estimate
6N

(log E)°

6
E[(Re(t; N) - Re(s: N))®] < {isNut - s||“2} =c It = 51,
logE

for some absolute constant ¢ > 0. Thus in order to prove (IV.2.36), it is sufficient to choose N = N(E)
such that (the constant 1 is not important here)
56N (E)

(logE)®

’

yielding that N(E) = 67! logs((log E)®) = logs(log E). This proves the claim.

Appendix IV.A  Proof of Lemma IV.1.3

Since U,, and V,, converge weakly to X and zero in D;, respectively, we use for instance [Wic69, Theorem
2], to deduce that, for every £ > 0,

éin(l) limsupP{ws(U,) > &} =0, éin(l) limsupP{ws (V) > €} =0 (IV.AD)

n—00 n—00
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where ws(f) = sup {|f(t) — f(s)| : ||t —s|| < 6}. To obtain the desired conclusion, by virtue of the
discussion contained in [Neu71, p.1291], it is sufficient to show that

(lsim limsupP {ws(X,) > €} =0.

n—oo

By the triangle inequality, we can write for every ¢ > 0,
ws(Xn) = Ws(Un + Vo + Wp) < ws(Up) + ws(Vy) + ws(Wy),
in such a way that
P{ws(Xn) > &} < P{ws(Up) > £/3} + P{ws(V,) > €/3} + P{ws(Wy) > £/3}.

Using the estimate ws (Wy) < 2 supye(g, 172 [Wn ()] and letting n — co and 6 — O then implies the desired
conclusion from (IV.A.1) and assumption (iii) in the statement.

Appendix IV.B Moment estimates for suprema of Gaussian fields

In what follows we consider a centred smooth stationary Gaussian field G = {G(x) 1X € Rd} on R¥ with
covariance function E [G(x)G(y)] = k(x — y). For an integer j > 0 and D C R4, we write

o*(D: ) = sup sup E [(3aG(x))*],

x€D |a|<j

where 9, G(x) := 0y .. .azj’G(x), for @ := (ay,...,ag) with |a| := ZZ:] ay. Moreover, for D c R4
and & > 0, we write D'® for the -enlargement of . Finally, we use the notation

I fllci(py := sup sup [9q f(x)]

x€D |a|<)

for f : RY — R. The goal of this section is to prove Proposition IV.2.6, whose statement we recall for
convenience.

Proposition IV.B.1. Let the above setting prevail. Assume that for every m > 0, there exists 5> (m) < oo
such that

E [(GQG(x))Z] <&2(m), YaeN |a| <m. (IV.B.1)

Then, for everyp > 1 and j > 0
B[IGIL, | = € logtvol( D))

where C > 0 is an absolute constant depending on p and j, and vol(D) is the d-dimensional volume of

D.

We remark that assumption (IV.B.1) in particular implies that (D j) < &%(j) for every j > 0.
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IV.B.1 Proof of Proposition IV.B.1

The proof! of Proposition IV.B.1 is based on several classical concentration inequalities for suprema
of Gaussian fields, that we state here below. The first statement is an estimate for the first moment of
IGllci(p) (see [NS16, Appendix A.9]).

Proposition IV.B.2. Let the above setting prevail.
E[IGlci(py] < a1l (@;j + 1), (IVB.2)
where c1 (D) is a constant depending on D.

The following inequality is the so-called Borell-TIS inequality applied to the Gaussian field 9, G, see
for instance [ATO07, Theorem 2.1.1].

Proposition IV.B.3. Forevery a € N9 and u > 0, we have

]P{sup 0,G(x) > E [sup 0,G(x)
xeD xeD

u2
+ u} < e 20%Dial) (IV.B.3)

Combining the contents of Propositions IV.B.2 and IV.B.3, we deduce that for every a € N¢ with
la| < jandu >0

u2
P{sup 0,G(x) >c1(D)F(j+ 1)+ u} < e 252G+
xeD

which implies (by symmetry)
L¢2
P{sup [0,G(x)| > c1(D)F(+ 1)+ u} < 2e 202G+D
xeD

Therefore summing over all possible @ with |a| < j,

2

P{llGllcj(@) >c(D)yF(G+1)+ u} < k(j,d)e 202G+ (IV.B.4)
where k(j, d) := 2card {@ € N : |a| = j}.
We can now prove Proposition IV.B.1.

Proof of Proposition IV.B.1. By stationarity of G it follows that, if 9’ is a translation of 9, then nec-
essarily ¢; (D) = ¢1(D’), where (D) is the constant appearing in (IV.B.2). In particular, applying
(IV.B.2) in the case where D is a ball B with unit radius and exploiting the moment assumption (IV.B.1)
on G, we deduce that

E[IGlci@)] < g+ 1),

where ¢ is a universal constant. Therefore, applying (IV.B.4) with D = B yields

MZ
P{IGllcie) > 165G + 1) +u} < k(j.d)e 2700, u >0,

Now, using the above inequality with u = ¢t — ¢;5(j + 1), we can write for every b > 0 (setting
k:=k(j,d),o:=0(+1),

E[e"1%lcie] = 1+b/ ¢*P{lIGlici) > 16+ (t = c16) } di
0

1T acknowledge preliminary computations by Giovanni Peccati for this part.
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= ebc'&+b/ ¢"P{IIGllci () > 15 + (t - c15) } dt
c1o

berG oo b _(t-c15)? b b _(t-c15)?
< eC‘U+bk/ e'Pe 2572 dZSeC“T+bk/ete 262 dt
c10 R

= "9 4 bk \2rFE [ebz] . Z~N(c1F,52)
= P97 4 bk \2rF (ebcl‘ﬂbz‘}z/z) = P9 (1 + bk @&ebz&z/z)
< ebcld-+b25-2/2(1 + bk \/ﬂ&) < ebc15-+b25-2/2+bk 2no

o (cr+k \/27)+b26-2/2, (IV.B.S)

where we used that 1 + x < e¢*. Now for D ¢ R? we denote by Ny the minimal number of unit balls
needed to cover D and by By := {Bj,...,Bn,,} the collection of all unit balls covering O in such a way
that card(B9) = Ngp. Then, we have that, for every b > 0

E[IGlciny] = E[logexp®™'bliGllci(p))] = b'E [log " Fleron]

Np
b~ logE [eb“G”cf(D)] < b log ZE [ebncnc_,@l)]

<
=1
< b'log (Nz)E [eb”G”Cf'<B1>])
< b llog (N@eb&(c“rk m)+b2‘"72/2) using (IV.B.5)

~2
b og(Np) + 5(c1 + k V2r) + b% = h(b).

Differentiating /& with respect to b, we find that A(b) < h(bg) for by = V2 \10g(Ng)/d and thus

E [IIGlici(py] < h(bo) = V26 \log(Np) + & (c1 + k V2m) =: p. (IV.B.6)
Now let p > 1. Then, using the inequality

u2

P{IGllci(p) > p+u} < ke 2%, u>0
together with (IV.B.6), yields

p

p/ B {IGllci(py > p+ (1 = )} dr
0

IA

® L oy
uP + pk P e 252 dt < uP +pk [ [t|IP7 e 207 dt
M R

WP+ pk N2nEB [1Z1P7Y], Z~ N &),

Now for Z ~ N (u, g% and Z’ := (Z - w/o ~N(Q@,1),
E[lzP! =P 'E[1Z2/ + wia P s 2025 (B (12717 + (/o)) = Cpa T+ P,
where Cj, := 2P72E [IZ’I”_I] depends only on p, so that

E [||G||g_,w)] < pP + pk 275 Cp (P + pP 7Y,

The conclusion follows from the definition of u in (IV.B.6) and the fact that there are constants C;, C; > 0
such that Cyvol(D) < Np < Crvol(D). O



Chapter V

On non-linear functionals associated with
the d-dimensional Berry Random Wave
Model

In this chapter, we study non-linear functionals associated with the d-dimensional Berry Random
Wave Model, already studied in Chapter IV in dimension two. More precisely, writing Bgl) =
{Bgl) (x):xe€ Rd} for Berry’s random field in R?, we establish variance estimates in the high-energy
limit (as £ — oo) for random variables admitting an integral representation of the type

Ze(d, ;D) = / Hy (B (x))dx,
D

where d > 2 and g > 3 are integers, D is a convex d-dimensional domain and H,, is the g-th Hermite
polynomial on the real line defined by the relation
q
H, ()c)e_x2/2 = (—l)q%e_xz/z.

Our main results, involving the study of the asymptotic behaviour of powers of Bessel functions, show that,
when (d, g) = (2,4), the variance exhibits a logarithmic behaviour, whereas, when (d, g) # (2,4), the
variance is of constant lower order. Such an observation is consistent with the related model of spherical
harmonics on the d-sphere investigated in [MW14] (for the two-dimensional sphere) and [MR15] (for
arbitrary dimensions) and is tightly connected to the Berry cancellation phenomenon discussed in Sections
II.1.4 and I1.2 of Chapter II. In Theorem V.1.2, we subsequently prove quantitative Central Limit Theorems
for the normalized versions of the random variables Zg (d, ¢; D).

V.1 Variance estimates and Central Limit Theorems

In view of Theorem 1.1.8 (see also Example (ii) in Section 11.2.2 of Chapter II), the covariance function
of the d-dimensional Berry random wave is given by

Ju2 @ VENx = yl)
QrVE|lx - yl) T

where J, denotes the Bessel function of the first kind of order @. We now consider the random variable

x,y € RY, (V.1.1)

ri(x -y =E[B 0B (y)] =

Ze(d, q; D) = / Hy (B (x))dx, (V.1.2)
D

178
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where H, indicates the g-th Hermite polynomial. In Theorem V.1.1 below, we provide asymptotic laws
for the variance of Zg (g, d; D) when (d, g) are pairs belonging to the set

S:={(d,q):d>2,q>3}\{(23),(3,3)}. (V.1.3)

2

. .. . . d/ . .
We write vol, to indicate the d-dimensional volume and k; := m for the volume of the unit ball in

dimension d.

Theorem V.1.1. Let (d,q) € S. If (d, q) = (2,4), we have that, as E — oo,

9 log E
Var[Zg(d, ¢; D)] ~ —vola(D)—o

T E

whereas, if (d, q) # (2,4), we have that, as E — o
1
Var[Zg(d, q; D)] ~ a(d:q) 2773 »
where
a(d; q) := voly(D)q!dk4(27)~ @2 / dyJ s Q) 4y @-D=-5)+3 (V.1.4)
0

We prove quantitative Central Limit Theorems for the normalized random variables Zg (d, g¢; D) in
the high-energy limit. Since the case of Zg(2,4; D) is solved in [NPR19] (see the random variable a g
p.124 therein and Proposition 8.2) and this is the unique case where the variance is not of order E~4/2 for
pairs of integers (d, g) € S, we consider the normalizations

Ze(d, ¢; D) = EY*Zp(d, ;D)

for every pair (d,q) # (2,4). In the following theorem, we prove quantitative CLTs in Kolmogorov,
total variation and Wasserstein distance (see Section I.1.2.3 for their definitions) for the random variables
Ze(d, q; D). Note that, in the statement below, the exponent d — q% < 0 for pairs (d, g) € S such that
(d,q) # (2,4), which allows to ensure asymptotic Gaussianity.

Theorem V.1.2. Assume that (d,q) € S is such that (d,q) # (2,4) and let N ~ N (0, a(d; q)2), where
a(d; q) is as in (V.1.4). Then, for U € {Kol, TV, W}, we have that

d

-1
2
’

dy (Ze(d.q: D), N) < ci(log E)** VEI™

where ¢y is some absolute constant that is independent of E. In particular, Ze(d, q; D) converges in
distribution to N, as E — oo.

V.1.1 Comparison with [MR15] and [DEL21] and some remarks

In [MR15], the authors present a similar study for spherical harmonics on the d-sphere. More precisely,
they consider the random variables

heg.a = / Hy (T (x))dx
S

where Téd) is a random spherical harmonic of order ¢, that is a centred stationary Gaussian process with
covariance function

[T T ()] = Gralcosb(x,y)), xy e s,
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Here 6(x, y) denotes the spherical distance between x and y, and G¢.4 indicates the Gegenbauer polynomial
of order ¢, defined by

(4-1.9-1

Gea(x) =P, (x),

where Pt(;“’b ) are the Jacobi polynomials which are orthogonal with respect to the weight function
t (1 -1 +1)? fort € [-1, 1], see for [Sze39] for more details. The authors show that for d, q=3
(see [MR15, Proposition 1.1])

1 /2 1
Var|hr.q.a| = =24 papa /0 G.q(cos 0)7(sin )1 do ~ aCldg). >

£d
where
a_y(d [ 11—
C(d,q) := 24" Hapta- (22 1 (5 - 1)!) / dydg_ )ty Dl
0

d+1
with g = 1%’; = - This shows that the order of magnitude E~4/? derived in Theorem V.1.1 is consistent

=

with the findings of [MR15], as the energy VE on the Berry random wave model corresponds to £ in
the case of spherical harmonics. The case (d, g) = (2,4) was investigated in [MW 14], where it is shown
that its variance is of order £72 log¢. Furthermore, we remark that our constants a(d;q) in (V.1.4)
involve exactly the same integral expressions in terms of Bessel functions, and differ from C(d, ¢) only
by multiplicative constants, appearing notably as an artifact of change of variables on the sphere and the
Hilb’s asymptotic formula for Jacobi polynomials (see for instance [Sze39, Theorem 8.21.12])

29-1 ( re+9) (9

(€+‘7’—1) 4 sin 0
¢

¢+ LhHz-lo
where L := € + % and R/ 4(0) is a certain remainder. We also point out that the constants a/(d; q) are
non-negative for every (d, g) € S and strictly positive for all even g. Conjecturally, this is the case for all
pairs (d, q), see also [MR15]. Also, our findings in Theorem V.1.2 are to be compared to Theorem 1.2
and Corollary 1.3 therein. We remark that the logarithmic factor appearing in the quantitative bound of
Theorem V.1.2 does not appear in each of the cases studied in [MR15], and is presumably not optimal,
but sufficient to ensure a Central Limit Theorem.

(sin )T G.q(cos §) =

1/2
) Ja_y (LO) + Rf,d(Q)),

In [DEL21], the authors study the asymptotic behaviour of dislocation lines of zero sets associated with
two independent copies of Berry’s random field with fixed energy on growing cubes. More specifically,
denoting by B; and B; two independent copies of Berry’s random fields with unit energy and by N; (Qf)
the length of the dislocation lines restricted to the cube Qr = [—E, E]?, they show that (see [DEL21,
Proposition 3.4], note that therein the energy E is replaced with n) Var[N{(Qg)] ~ Vvol(Qg) = VE3/?,
as E — oo, where V > 0 is some finite constant. We remark that such a result is consistent with our

findings: Indeed, using the equality in distribution Bg (x) 2 B (2 VEx), the length of dislocation lines
associated with Bg and Bg in some fixed domain D c R is given by

Ng (D) /@ S0(BE ())60(Be (x))] det(acy,, 5, (x))ldx

[ESW

AlE / 80(B1 (27 VEx))60(By (21 VEx)) |det(ac g, 5, (27 VEx))| dx
D

e

= Gmant " /2 i SOBIONSBIO)) [det(ac, 5, ()] dy
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_ (24)d/2E1 2N, (22 VED),

where we performed the change of variable y = 27 VEx, so that

@)

T B VarNe (D).

Var[M (2n VED)| =
Since, by Theorem V.1.1, the random variables Zg (d, q; D) have the same order of variance as d > 3,
and E - Zg(d, q; D) are typical elements appearing in the projection of Ng(2D) on the g-th Wiener
chaos, it is natural to expect that the variance order of the g-th Wiener chaos of Nj(2r VED) is
E42E2E-412 = E41? ~ vol([- VE, VE]?), showing that our findings are consistent with those of
[DEL21] (in the case d = 3). In view of the reduction principles discussed later in Section V.3, it is
to be expected that the fourth Wiener chaos of Nj(27 VED) is asymptotically equivalent to a scalar
multiple of the random variable EZg (3, 4; 9), whose variance is strictly positive since a(3;4) > 0. This
heuristic observation may justify the fact that the constant V, appearing in [DEL21, Proposition 3.2] and
discussed above, is strictly positive, which was not proven in [DEL21]. Thanks to Theorem V.1.2, we
furthermore know that the normalized random variable ZE (3,4; D) satisfies a Central Limit Theorem,
which is consistent with the findings of [DEL21, Proposition 3.2], once it is shown that V' > 0.

Let us make some further comments on our results.

Remark V.1.3. (a) Our techniques for proving Theorem V.1.1 rely on the asymptotic study of moments
of Bessel functions and make use of the decay property |J,(z)| = O(z~'/?), for @ > 0 and z > 0.
Consequently, our computations naturally require the comparison of the quantity (d — 1)(1 — ¢/2)
with —1. We note that (i) if (d,q) € S, then (d — 1)(1 — ¢/2) < —1 and (ii) the pair (d,q) = (2,4)
is the only pair in S verifying the condition (d — 1)(1 — g/2) = —1. Carrying out our computations
more generally for the case (d—1)(1—-¢/2) = —1, our arguments show that the first part of Theorem
V.1.1 can be written as

ogE

Var|[Zg(d, q; D)] ~ q'dkavol4(D)c(d; q) Volz(D)

where ¢(d; q) == =9 2r)" 22 L (g) Specifying that (d, ¢) = (2,4) yields
2

1 1 9
qldkgc(d; q)z = 412Q2m)c(2;4) - = —,
2 2 a3

as stated in Theorem V.1.1. Such a result is consistent with the findings of [NPR19] (see in
particular the random variable a; g and Lemma 8.5 therein), where the authors study the nodal
length of the Berry random wave in R2.

(b) The reader might wonder why we restrict the choice of (d, g) to the set S. The reason for this is the
following: when dealing with the cases (d, q) ¢ S (corresponding to the pairs (d > 2,g = 1), (d >
2,qg = 2),(d,q) = (2,3) and (d, q) = (3,3)), the same techniques used to prove Theorem V.1.1
allow us to obtain a variance estimate of the form

Var[Zg(d, ¢; D)) = A(d; q)ag(d; q) + O(b(d; q)),

where A(d;q) is a constant depending only on d,g and D and
{ag(d;q) : E > 0},{bp(d;q) : E >0} are typically convergence rates (depending on d
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and ¢) such that ag(d;q) = o(be(d;q)) or ag(d;q) = bg(d;q) (of the same order), thus only
resulting in upper bounds and not true asymptotics. More specifically, computations show that

CE
Var(Zp(d 1:D)] = i + O(E I, d 22
. Cas ~(d-1)/2
Var([Zg(d,2; D)] = W + O(E ), d=?2
2;3 _
varlZz(2.3:0)] = YED Loy,
3:3 _
Varlze 3300 = S5 0,

where Cg , 1s a constant depending on d and E such that Cgl = 0(1) and Cg 5 is some explicitly
computable constant that is independent of £. We remark that the case ¢ = 1 and ¢ = 2 behave
differently than the cases ¢ > 3. We remark that the case of Zg(d,2; D) is consistent with the
findings of [MR15], where it is shown that the variance of &, 4 is of magnitude £~¢~D. We
conjecture that in the above estimates, the true asymptotic behaviour is given by ag(d;q). By
inspection of our proof, we believe that such a difficulty emerges from bounding certain residual
terms (see in particular Proposition V.2.2) by means of the Steiner formula for convex bodies,
which presumably leads to suboptimal bounds in the afore-mentioned cases and expect that their
study can be carried out separately. We also point out that the idea of using the Steiner formula
originates from [NPR19].

V.2 Proof of our main results

V.2.1 Proof of Theorem V.1.1

The variance of Zg(d, g; D) is computed using the covariance relation for Hermite polynomials in
Proposition 1.1.22. Indeed, this relation yields

Var(Zg(d, q: D)] = /@ B[H,y(Bp(x)H,(Bi(y)] dxdy

= q!/ E [Be(x)Bg(y)]? dxdy = q!/ rg(x - y)?dxdy, (V.2.1)
D2 D2

E

where r y

is as in (V.1.1). We introduce some notation.

Notation V.2.1. e For x = (x1,...,xq) € RZ we use hyperspherical coordinates (¢,¢) :=
(&, @1, - s @d—2, Pa-1) € Ry X [0, 71972 x [0, 271] given by

X1 = ¢cos(p1), x2 =¢sin(py)cos(ez), x3 = ¢sin(er)sin(gz) cos(¢s),. ..,
Xd-1 = ¢sin(er) sin(gy) - - - sin(@g-2) cos(@q-1), Xxq = ¢sin(ey) sin(p2) - - - sin(@g—2) sin(@g-1)
with Jacobian transform dx = ¢4~ H,f;lz sin(p) 4 tdpde, - - dpg_;.

e For x € R% and R > 0, we denote by B(x, R) the d-dimensional ball of radius R centred at x and
0B(x, R) its boundary. The diameter and the inner radius of a domain D are defined by

diam(D) = sup ||x —y|l, inrad(D)=sup{R>0:3x € D :B(x,R) C D},
x,yeD

respectively. Furthermore, for ¢ € [0, inrad(D)), we let Dy := {x € D : B(x,¢) € D}.
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* As usual, for numerical sequences {ag : E > 0},{bg : E > 0}, we use the notation ag = O(bg)
orag < bg to indicate that |ag| < C|bg| for some absolute constant C > 0.

The following preliminary proposition gives a reformulation of the double integral appearing in the
R.H.S in (V.2.1), needed to complete the proof of Theorem V.1.1.

Proposition V.2.2. For every pair (d, q) € S, we have as E — oo,

d-2

diam(D)
/@ rE (x = y)4dxdy = vola(D) / d / do FE (6, @)% | | sin(e) ™ + 0 (Be(d: q)).

=1

>~

where Ry = [0, 71972 x [0, 27], deo=dg;---dpg-1,

PE (¢, ) == r (¢ cos(ey), . .., ¢ sin(gr) sin(gs) sin(ps) - - - sin(ga—1))

and
E-#@-D (d-D(1-1) =
d, = + +0— ’ 2
Beld:q) {E—”’ZIJFE—”’Z“ ;(d—l)(l—%):—£’£’>1

Proof. By the Co-Area formula (see Proposition I.1.11), we have

diam(D) diam(D)
/ rg (x = y)?dxdy = / d(/)/ dx/ dy rg(x -y = / d¢FE(¢),
n? 0 D OB (x,0)ND 0

where we set

FE(¢) :/ dx/ dy rf(x - y).
D OB(x,0)ND

For ¢ € (0, inrad(D)), we decompose

FE<¢>—/ dx/ dyrd<x—y>q+/ dx/ dy rE(x - y)4 = FE(¢) + FE(¢).
Dy AB(x,0) D\Dy AB(x,6)ND

We start by considering F IE (¢). Using hyperspherical coordinates (¢, ) for y on 0B (x, ¢), we can rewrite
FE(¢) as
I

d-2
[ ax / R | E
Dy =1

d-2

vola(Dg) [ de iferer [ Tsino ™
d k

=1

FE(¢)

where Ry := [0, 71]97% x [0, 27] and do =de;---dpg-1 and we set

L () =] (pcos(pr), . . ., ¢sin(ey) sin(pz) sin(p3) - - sin(@a-1)).

Now, since Dy C D, it follows that vol;(Dy) = voly(D) — voly(D \ Dy). By linearity, we can thus
write F* (¢) = F[* (¢) + Ff (¢), where

d-2

Fii(9) = VOld(D)/ dg 17 (¢, )97 ]l_[sin(tpk)d_k_l,

k=1



Chapter V. Non-linear functionals of d-dimensional Berry’s random fields 184

d-2

Fr(¢) = —vola(D\ Dy) / de 75 (8,9)7¢" " | | sin(eo)? ™.
k=1

For ¢ € (0, diam(9)), we decompose
(FF(9) + FE(¢) + Ff1(9)) 114 € (0, inrad(D))] + FE ($)1[¢ € (inrad(D), diam(D))]
FF (¢)1[¢ € (0.diam(D))] + (FE (¢) - Ff (¢)) 1[4 € (inrad(D), diam(D))]

+(FE(¢) + Ff1(9)) 11 € (0,inrad(D))]. (V.2.2)

FE(¢)

The proof is concluded once we prove that

(FE () - FE(9)) 1¢ € (inrad(D), diam(D))] + (Ff; (¢) + Ff;(#)) 1[¢ € (0, inrad(D))]

is bounded by the quantity Sg(d; g) appearing in the statement. In order to prove this, we will rely on
the following geometric observation': Since D C Dy +2¢B(0, 1), we have by the Steiner formula (see
(IIT.2.15) and also [SWO08, Eq.(14.6)]) that (denoting by W;(K), j = 0,1, ..., d the j-th quermassintegral
of K c RY),

volg(D \ Dy) = volyg (D) — voly(Dy) < volg(Dy +2¢B(0, 1)) — voly(Dy)
d d d
d d d
= Wi (Dy)2K % — Wo(Dy) = ()Wﬂzk"s ()W D)2kpk, (V.23
;)(k)kw)qs o<¢>;kk(¢)¢ ;kkmrb()

where we used that Wi (Dy) < Wi (D) since Dy € D and Wy(-) = volg(-). We now distinguish cases
d-D(A-%)=-land(d-D(1-%) <-1.

Case (d - 1)(1 - %) = —1: Using the bound |J%(Z)| < 7712 we obtain

(szz(Zn\/E¢))  QnVEg) " "« g gt (V.2.4)

rVE®) T QrVEp)1*T
so that, using (V.2.3) yields

d-2

[ sinteo)**!

k=1

FE@) < vola(D\ D) / dg 175 (g, @114

d

d
< Z(k)wk(@)¢k /R dp BN gm0 g
k=1 d

d d d
< E—%(d—l) Z¢k—%(d—l)+d—1 — E—%(d—l) Z¢k+(d—1)(1—%) _ E—%(d—l) Z¢k_l’
=1 k=1 =1

since (d — 1)(1 — g/2) = —1, which is integrable on (0, inrad(2)). This argument is also valid to bound
the contribution of F; E 1(9):

d

—49(d- —

Ffi (9| </ dx/ dy |rf (x = |7 < ETHE@D " gk,
D\Dy IB(x.4) k=1

1Such a technique was exploited in [NPR19, Proposition 5.1] for the study in dimension two.
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where we have used hyperspherical coordinates on dB(x, ¢) and the bounds (V.2.3) and (V.2.4). Let us
now bound the contribution of |F¥ (¢) — F ﬁ (¢)] on (inrad(D), diam(D)). By the triangle inequality and
(V.2.4), we have

|FE(¢) = F[ (¢)|1[¢ € (inrad(D), diam(D))]
q q
L [feln VEO\' 1o [Tn VE9) 5 p--D g4,
Q2 VEp) T ¢\ QaVE®S

which is integrable on (inrad(®), diam(P)). The desired conclusion then follows from (V.2.2) by
integrating the above estimates on (0, diam(9)).

Case (d - 1)(1 = %) < —1: Let us write (d — 1)(1 — 4) := —¢ < —1. For the integral of F’f, we use
(V.2.3) to estimate
inrad( D) inrad( D) mrad(Z)) q
[ @< [ ol o) 6o < Z | b et as
0 0
d 1 VEinrad(D)
1 q 4. 1 q , 4-
= Z(— / rw)|'w Irhw)|" v “kdw) =1 Xp + Y,
=1 E 2 Jo

where we performed the change of variables ¥ = VE ¢. For X, we use that |r£11(:,b)| = O(1), uniformly
in Y, so that

1
Xg < / pi 1Ry <
E Z ik EdT

sinced —-1+k >2fork =1,...,d. For Yg, we use the fact that IJ%(z)I < 7712 implying that
|r611(¢)|q Y1tk (@d-D=F)%k = y~C+k Therefore, it follows that

VEinrad(D)

1
e < ) YR AY (L[~ + k # —1]+ 1[-€ + k = —1])
¢ 1 - 1 d ]ogE log E
< Z STE ( 5 +10gE+ 0(1)) < E E% < pre=g (V.2.5)

This shows that Xg + Yg <« BEg(d; q). The same bound is valid for F f;(¢). For the remaining part, we

treat the term
diam(D)
/ FE(¢) - Ff (¢
inrad(D)

Using the fact that on (inrad(D), diam(9)), we have for every k = 1,...,d,
q
Jaz (21 VE ¢) i Jaz (21 VE¢) i
da-2
QrVE$)*T nVE$)T

yields after changing variable = VE®,

diam(D)
< [ frw) - o),

inrad(D)

|FE () - Fiy (9)] < (

<< S

diam(D)
/ FE(¢) - F (¢)do

inrad(D)

/\/Ediam(D)(sz(ZH'(//))q de Lk
—— | ¥y,
2my) 2

which yields the same bound as in (V.2.5). Therefore, the conclusion follows from (V.2.2). O

VEinrad(D)
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Proof of Theorem V.1.1. Using Proposition V.2.2 and performing the change of variable ¢ = VE¢, we
obtain

/2)2 rf (x — y)?dxdy
d-2

1D VEdiam(D) .
S a av [ ap sl ! [ Tsine ™1 +0 (B
k=1

= UE+VE+0(ﬂE(d;L])), (V26)

where in Ug and Vg the variable y ranges in [0, 1] and [1, VE diam(9)), respectively. We now distinguish
two cases. "
Case (d - 1)(1 - %) = —1: We start with Ug. Since near zero, we have J% (z) ~z 7 , we obtain that

d-2

LD Ja- 2(271'),0) -
Ue = Vo];d(/2 ) / /R d ( w41 [ sin(pr)d !

Qnyr )T k=1
Fdrn / dy

For Vg, we make use of the asymptotic expansion of Bessel functions (see for instance [Kral4])

J(t) = \/%cos(t —wy)+ R, (1), t—> o0

where w, := 2v + 1)x/4 and |R,(1)| < ¢,t73/2. Raising to the power g (letting R(Y) 1= Rg2/0(¥) <
Y 3/?) yields

A

Ja2 2ny)\? 4 cos2my — (d — 1)Z)?  [cosRmy — (d — 1)) 197!
TREEN o)t i [ i ] R R
( (27[‘&)% ) @ry) ( raya/? + NG W) + o( (lﬂ)))
o —4(d-2) cos2my — (d - 1)% )9 4(q4-2)-4513
=n1"12n) w(d 5 O(IJI )
Moreover, exploiting the relation (see [GR14, p. 31])
1 (2 1 2
cos(y)zm = 22—m( nT) + S Z ( ]:”) cos(2(m — k)y) V.2.7)

k=0

1 v (2m+1
cos(y)?™t! = Yo Z ( m}: )cos((2m +1-2k)y)
k=0

leads to (for g even):

VEdiam(D) Ja2 2my)\4
/ i ( E ) e
1

Q)T
VEdiam(D)
[
1

vVEdiam(D) . \a .
/ dyn 2r) 242 cos (Zmﬁ -(d- I)Z) y(@-Da-3)
1

cos(2my — (d — 1)%)‘1

74 (27)" 22 .
y4d-D

($—7(d 2)—‘5‘—)] s
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VEdiam(D) ’ g1 3
+0 / dyy~ 24D mard ) o A(E) + B(E). (V.2.8)
1

For A(E), we have by (V.2.7),

" 1 VEdiam(D) "
AE) = n“wzn)‘z(d‘”z—q(i’) / dyy@-D0-9)
2 1

2—-1
14 (zﬂ)—%(d—Z) ql q

VEdiam(D) i ) .
24-1 Z (k)/1 cos (2(q - k)[2ny - (d - 1)Z])¢<d DO-$) gy,

k=0
=: A|(E) + Ay(E).

Denoting by c(d; q) :=n74 (27r)‘7(d 2 L ( ) we obtain
2

VEdiam(D) .
A(E) = c(d;q)/ dyy @001 = &z’q) log E + O(1)
1

since (d — 1)(1 — g/2) = —1. Now we consider the term A>(E). Let k =0,...,q/2 — 1 be fixed. Using
the fact that (d — 1)(1 — %) = —1 and integrating by parts shows that

VEdiam(D) T
/ d cos (Z(q — O[2ry - (d - 1)11) w@-D0-%) _ o(E-12) L o(1),
1
proving that A»(E) < 1 + E~'2. For the error term B(E) in (V.2.8), we have

VEdiam(D)
B(E) < / dyy VI = (ET),
1

Summing the contributions of the terms A(E) and B(E) and using the relation

d-2 Lo -1 xd/2
/(; dss ] = dm = de,

/ dy l_[sin(gok)d_k_l = volg(B(0, 1)) x
Ra k=1

it follows that,

voly (D) VEdiam(D) J# Qmy)\?
Vg —_— dy| ————

d-2
— | yp! / do | |sin(pr)?*!
E4P Qry) T ) Ra ﬂ

VEdiam(D) Ja2 2my)\9

| 1

vo dd(?) dy | ———) v = dx VOdT@
g |, Q)5 e

where A(E) and B(FE) are as in (V.2.8). Therefore, combining the above observations with (V.2.6) yields

dkqg [A(E) + B(E)],

/2 rg(x - y)?dxdy dkgvoly(D)e(d; q) + OE~4?) + 0 (E (d—1))
D

2 Ed/2
1logE log E
= deVOId(D)C(d q) 2 Ed/2 +0(Ed/2)

where we used that for (d — 1)(1 - %) = -1, we have E~ $a-1 2 gra-na-H-97 _ p-3-G _ p-d)2,
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Case (d - 1)(1 - %) < —1: Using the same notation as above, we have for the term Ug in (V.2.6),

1
Ug = de—VOId(D) (2n)—3<d—2>/ dy (Jﬁ (2n¢))q¢<d—1><l—%>+%.
Ed/2 0 2

Moreover, using the bound |J, (z)| < z7V/ 2

VEdiam(D) Jao 2mp)\4 VEdiam(D)
/ dy 2—d—2 1//‘1_1 < / dlr/,,l,(d—l)(l—CIﬂ),
1 Qry) s 1

which converges to a constant as E — oo, since (d — 1)(1 — g/2) < —1. Therefore, in this case it follows
from (V.2.6)

yields for the term Vg

la(D °° q
[ rho=yyasay = dea 82 0ny 44D [y (102 rn) 00D o
D 0

where we used the fact that S (d; q) = o(E‘%) since € > 1. O

V.2.2 Proof of Theorem V.1.2

We represent the random variable Ze(d, q; D) as a multiple integral of order g with respect to some
isonormal Gaussian process on H := L%([0, 1], 1), with A denoting Lebesgue measure. In order to do
this, we write Bl(,id) (x) = I (fx,g), for fixed E > 0 and x € R4 where fx.g € H (note that we drop the

dependence on d for fy g). Using (1.1.25), yields H,, (B;Sd)(x)) =1,( ff’%), where ff’g € H®4 stands for
the g-fold tensor product of f, g with itself. Therefore, we have that

Zp(d, q; D) = EY* /@ Hy (B (x))dx = I, (Ed/“ /@ ff,‘i—dX) = 1y(za:0),
where

4 ®
2aE Uy, .. Ug) = EY /Dfx’%(ul, o Ug)dx.

Since Zg (d, q; D) is an element of the g-th Wiener chaos, in order to prove that it verifies a Central Limit
Theorem, we have to prove that the contraction norms

lza.E ®r za:Ellgeca—2r, r=1,...,9-1

converge to zero as £ — oo (see Theorem 1.1.30). Using the symmetry relation ||z4.£ ®r 24:E |geca-2) =

lza:E ®¢-r za:E|lge2r, we can reduce our investigations to the range r = 1,.. ., [¢/2]. We have that
(za:e ®r za:e) (U1, . .. Udg-2r)
= / dsi...dsyzge (St Sty oo g )ZaE(ST o ooy Sy Ugorils - o o5 U2g-2r)
[0,1]"

a2 / dsy ... ds, / dx / dyfop(s)) - For(sy) for) - forigr)
(0,117 D D
Sne(s1) - e fy,E(g—rs1) -+ fy,E(U2g-2r)

s dxdyré (x = y) fop@i) - frggr) fygWg—re1) - fy.£(Uag-2r),

- pdnr
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where we used the isometry property of multiple integrals. Taking squared norms and using isometry
yields

2
”Zd;E S Zd;E||H®(2q-2r)

2
/ L (Zd;E ® Za:E (U, . - -,uzq—zr)) duy . ..duzg o,
[0,1]°a ==

E4 / ) dxdydx’dy’/ - duy .. .duzq_zﬂ"%(x - y)rr,‘é(x’ -y
D [0,1]2a-2r

fx,E(ul) T fx,E(uq—r)fy,E(Mq—r+l) T fy,E(M2q—2r)

fx’,E (uy) - fx’,E (uq—r)fy/,E(uq—r+1) T fy’,E (u2q—2r)

Ed / ) dxdydx/dylrg(x _ y)rrg(xl _ yl)rrg(x _ xl)q—rré(y _ y/)q—r‘
D

Now since Irg(~)| < 1, we use the inequality xayb < x@tb 4 y“”’,O < x,y < 1, so that we can bound
the above integral by two similar terms of the form

E“ / dxdydx’dy’|ri (x = y) [ rg (x = XTI (y = 319
D
1 7’ 7 7 —_ ’ —_
= T ) gy SO I (e = P (e = D11 (v = 9197,
(VED)

where we performed a change of variable. Now by the linear change of variables w; = x — y,wy =
x—x',w3 =y —y’, wyq = x, we infer that (up to multiplicative constants)

1 ’ ’ ’ —_ ’ —
Zd dxdydx'dy’|r{l (x = )7 |r (x = x4 |rf (p = Y1977 (V.2.9)
(VED)*
area(D) _ _
—an dwi|ri (w)* / dwar{ (w2)|9™" / dwsri (w3)|97".
E VE(D-D) VE(D-D) VE(D-D)
Now using the explicit representation of r; in terms of Bessel functions yields the bound
Tz Qrlul)| ]
)] = =5 <cllull ', ueR?,
Crllull) =

for some constant ¢ > 0. Therefore, we have that for every integer m > 1,
" VEdiam(D-D) m
/ dulrf )" < / dullul|™ 2" < / dpp'd=D0=%)
VE(D-D) VE(D-D) cl
< ]l(d—l)(l—%):—l IOgE + ]l(d—l)(l—%):#—l \/E(d_l)(]_T)'H
< log EVEW@ D=5l .2 g (E).
Using this bound, we can bound the expression in (V.2.9) by

E_cll/z Kor(E)Kq-r(E)? < (log E)’E-4/ VEW-DU=n+1 pld=hil=55)s1

(d-1)

= (log E)3ET(37‘1)+¥ = (log E)3Ed’q%.
The claim then follows from [NP12a, Theorem 5.1.3] and the fact that for F' = I,(f) with Var[F] = o2,

q-1

4
. 1 _
B[l - ¢ IDFIR] < J; Zrzrz(f) 2q =28 f 11 000g 200

r=1
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and [| &, f17 g2y < I1f®r 117,604 2, in View of the triangle inequality. Since the quantity d—g 4 < 0

for every (d, g) € S such that (d, g) # (2,4) (indeed, this condition is equivalent to d > ﬁ, which is

always satisfied), we deduce that ZE (d, q; D) verifies a Central Limit Theorem. This concludes the proof.

V.3 Digression: reduction principles on Wiener chaoses and variance
estimates for the nodal length
In this section, we make some comments on reduction principles on Wiener chaoses in the framework

of nodal volumes associated with Berry’s random field, and point out heuristic directions based on our
results in Theorem V.1.1 and Theorem V.1.2.

We consider the nodal length associated with zero sets of the d-dimensional Berry random wave
restricted to a domain D c R,

LD (D) = Hi((BL171(0) n D).

In view of Proposition I.1.11, géd) (D) is obtained P-almost surely and in L?(P) as

2 —
L) = \/‘L’TTE /@ So(BE nIIVBY (1)l dx

where VB‘(E‘I) (x) denotes the gradient of Bgl) computed at x and V= (8, ...,0,) is the normalized
gradient with 5; = (47r2E/d)‘1/26j, for j = 1,...,d. The Wiener-Itd chaos expansion of féd)(i)) is
the L?(P)-converging series

2P0y = ) £ (D)2q) (V.3.1)
q>0

where for g > 0, Zg(D)[2¢q] indicates the projection of .Zx (D) on the 2¢-th Wiener chaos given by

4n’E B2 M2g,,...2 4 =
(d) _ 40 q1,---29d (d) p(d)
L (D)2q) = \— |Q|Z:2q ST IRCT] /D Haqy (By <x))£[qu_,(a,BE (x))dx

where the sum runs over multi-indices Q = (qo, ..., qq) € N4 with |Q| = 2¢g and

B2gy :=E [50(N1)H2q0(N1)] s M2gr..2qq = E

’

d
INU | Hag, (N
j=1

for N = (Ny,...,Ng) ~ Ng(0,1;) denote the projection coefficients of 6y and ||e||, respectively. In
view of the variance estimates in Theorem V.1.1 for the random variables Zg (d, g; D) appearing in this
expansion, it is to be expected that for every d > 3 and every g > 2, the variance of the 2¢-th chaotic
component is of order E'=4/2, Such a claim might be turned rigorous by evoking certain reduction
principles on Wiener chaoses. For instance, in [Vid21] (see also the earlier contribution [MRW20]
for a reduction principle for the nodal length of spherical Gaussian eigenfunctions in dimension two,
therein the integral of the fourth Hermite polynomials is referred to as the sample trispectrum) it is
shown that in dimension 2, the projection on the fourth Wiener chaos of the standardized nodal length
is asymptotically fully correlated with the integral of the fourth Hermite polynomial. More precisely,
defining the normalized random variables
2 2
iy B D EL] @)

Var[.Z2(D)]
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and
V2r2E — Mg (2,4, D)
Mg(2,4; D) = — Z(2,4; D), Mg, 4;D) := > ,
E( ) 96 E( ) E( ) Wl .22 D]

it is shown that (see [Vid21, Theorem 1.1]), as E — oo

L (D) = Mp2,4,D) + 012 (1)

where 072 (1) denotes a sequence of random variables converging to zero in L?*(P). Such a reduction
principle in particular gives a more direct proof of the Central Limit Theorem in dimension two (although
crucially relying on a number of covariance estimates on the fourth Wiener chaos available in [NPR19]).
Although our findings in Theorem V.1.1 seem to exclude the fact that a single chaotic component dominates
the series (V.3.1) for d > 3, we believe that similar reduction principles as above are valid within fixed
Wiener chaoses. More precisely, we expect that for fixed d > 3 and every g > 3, there exists a constant
k(d, q) depending on d and g such that

B |(Z5" 1241 - Me(d,24: D)) | = O(Re(d. ) (V.3.2)

where {Rg(d, q) : E > 0} is a numerical sequence such that Rg(d, g) — 0 as E — oo and

An2E
Mg, q; D) := k(d,q)\/ 7 Zp(d, q; D).

Note that the asymptotic variance of Mg (d, ¢; D) is obtained by Theorem V.1.1. If an asymptotic
estimate as in (V.3.2) is valid for every ¢ > 3, then one has that for every finite integer N > 2,

N N
Z ZP2q] = Z MEe(d, 2q; D) + o2 (1), (V.3.3)
q:2 q:2

thus, heuristically suggesting that the nodal length is asymptotically equivalent to the series of the sample
polyspectra. Writing Zéd) (D;N) = 5]\/:0 .i”éd) [2¢] for the truncated nodal length of order N obtained
by summing the projection of the nodal length on Wiener chaoses up to order 2N, we deduce the following
variance estimate

AnE
D 29)1k(d, 29)*Var[Zx(d, 2¢; D)]

Var[ £ (D; N)| y

Var[.Z(D)[2]] +
q=2

2 N
Var[ 2P (D)[2]] + %E‘—dﬂ Z(2q)!k(d, 29)%a(d;2q),  (V.3.4)
q=2

¢

where a(d;2q) is as in (V.1.4). Also, we remark that for ¢ > 3, the random variables Mg (d, D) are

asymptotically Gaussian in view of Theorem V.1.2. By means of Green’s formula on manifolds, the

second chaotic projection can be re-written as (see also Theorem I1.2.5 and Section I1.2.2 of Chapter II)
20y= T L 098 (0 nopgad (V35)

= X X),n(x))padx, 3.
" V2dV2r T($) Vax?E Jop " £ :

where we combined (I1.2.10) with (II.2.15) and (I.LA.6) (with n = 1), and where n(x) indicates the

outward unit normal vector to 09 at x. In particular, using the Cauchy-Schwarz inequality and the fact

that Bgl) (x) is independent of VB(Ed) (x) for fixed x, leads to

1 1 r(d+1)2 1
(d) o o2 7
Var[gE (Z))[2]] S 2d 21 1—(%)2 4m2E

AP EH 1 (D) = 0(1), (V.3.6)
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where Hy_1 (0D) stands for the (d — 1)-dimensional measure of 9. This shows that in every dimension
d, the variance of the second chaotic component contributes at most O(1). In Theorem IV.1.20 of Chapter
IV, we proved that, in dimension two, the true variance order of the second chaos is of commensurate to
E~12. We note that the bound O(1) in (V.3.6) is sufficient to deduce the negligibility of the second chaos
component in dimension two, as in this case the variance of the fourth order chaos is of magnitude log E.
We also point out that, in view of the conjectured variance estimates in Remark V.1.3 (b) for the random
variable Zg (d,2; D) (which is a typical element of the second chaotic projection, up to a multiplicative
factor VE), we deduce that Var[E - Zg(2,2; D)] ~ EE~'/2 = E'/2, which is considerably bigger than
the true order E~'/? derived in Chapter IV. Such an observation is due to the cancellation phenomenon
described in Chapter II. Unfortunately, the (rather rough) estimate in (V.3.6) is not enough to deduce that,
in dimension d > 3, the second chaos is negligible with respect to higher-order chaoses, as comparing
to (V.3.4) yields E 1=d/2 — 4(1). In order to confirm such a phenomenon, one can study precise variance
asymptotics of the second-order chaos components in higher dimensions by means of formula (V.3.5).



Chapter VI

Optimality of convergence rates for
Gamma approximations

VI.1 Stein’s Method and preliminary notions

We start this chapter with a review of Stein’s method for the Gaussian distribution and the Gamma
distribution. Although the content of this chapter deals with optimal rates for Gamma approximations,
we shall do several comparisons with the Gaussian setting. In Section VI.1.4, we present some ancillary
results from Gaussian analysis on the second Wiener chaos, that will be needed in our approach.

VI.1.1 Stein’s Method for normal approximations

To start with, we present the principal ideas behind Stein’s method for the Gaussian distribution initiated
in the landmark contribution [Ste72]. For a thorough introduction, the reader is referred for instance to
the monographs by Stein [Ste86], Chen, Goldstein and Shao [CGS11], Nourdin and Peccati [NP12a] and
the survey by Nathan Ross [Ros11].

In (I.1.15), we have seen that whenever N ~ N (0, 1), then for a sufficiently regular function f, we
have E [f'(N)] = E[Nf(N)]. Stein’s Lemma (see for instance [NP12a, Lemma 3.1.2]) asserts that the
reverse implication is also true, that is, if Z is a random variable such that E [ f"(Z)] = E [Zf(Z)] holds
for a sufficiently large class of functions f, then necessarily Z ~ N (0, 1). This observation is the starting
point of Stein’s method: Heuristically, one expects that if Z is a random variable such that the difference
E[f(Z)] —E[Zf(Z)] is close to zero, then one should have that the law of Z is close to the standard
Gaussian distribution. This is known as Stein’s heuristic. To make the above observation rigorous, Stein
introduces the so-called Stein’s equation, an ordinary differential equation of the form

f/(x)—xf(x)=h(x)-E[R(N)], N ~N(0,1), (VL1.1)

where the unknown is f and & : R — R is some test function. Denoting by f}, the solution to (VI.1.1)
(keeping A fixed), replacing x with a random variable F and taking expectations on both sides then yields

E [f1(F) - Ffu(F)| = E[h(F)] - E[A(N)]. (VL1.2)

The idea is now to control the R.H.S, yielding bounds on certain probability metrics introduced in Section
[.1.2.3: in order to do this, Stein’s idea is to uniformly control the L.H.S of (VI.1.2) by relying on
appropriate regularity conditions available for the Stein solution f;,. The reader might wonder what
the advantage is of deriving upper bounds for E [ f'(F) — F f(F)] rather than E [h(F) — h(N)]: a first
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observation is that the former does not depend explicitly on the target random variable N anymore';

but more importantly the variational techniques from Malliavin calculus introduced in Section 1.1.2.2
allow to methodically deal with expressions of the type E [f'(F) — Ff(F)]. For instance, using the
integration by part formula (I.1.31), one has that E [F f (F)] = E [f’(F)(DF, -DL™! F)H] (where D and

L~! denote the Malliavin derivative and the pseudo-inverse of the generator of the Ornstein-Uhlenbeck
semigroup), from which the link to Malliavin calculus becomes evident. The next theorem (see e.g.
[NP12a, Proposition 3.2.2]) characterizes the solutions of the Stein equation in (VL.1.1).

Theorem VI.1.1. Every solutions of (V1.1.1) takes the form
X
(x) = ce* P+ 2 [ (h(y) = E[R(N)]) e dy, x,c €R.
f y
In particular, the function

funlx) = P2 / " (ho) —EL(N)D e Pdy, xeR (VL1.3)

is the unique solution to (V1.1.1) verifying e‘xz/th (x) > 0as |x| > .

The following statement (see for instance [NP12a, Theorem 3.4.2]) yields regularity properties
on the solution f; in the setting of normal approximations in Kolmogorov distance?, dgo(F,N) =
sup{|P{X <z} -P{N <z}|:z€eR}

Theorem VI.1.2. Let h(x) = 1(—wz(x) for z € R. Denoting by f, the solution to (V1.1.1) associated
with h, we have that || f7|le < V2r/4 and || f]|lo < 1. In particular,

dol(F,N) < sup [E[f"(F) - Ff(F)]], (VL1.4)

feFxol

where ot = {f : 1o < V2H/4IIf"lleo < 1},

The upper bound for the Kolmogorov distance in (VI.1.4) is customarily referred to as Stein’s bound.
The proof of Theorem VI.1.2 is based on rewriting the explicit solution f, in (VI.1.3) as

fo(x) = V2me® 2 (@(2)(1 = D)) D5z + P (1 = D(2) 1<) -

VI.1.2 Stein’s Method for Gamma approximations

We present preliminary results of Stein’s method for Gamma approximation. For real numbers A, 7 > 0,
we say that a random variable X, ; follows the Gamma distribution with parameters r, 4 (denoted
X4~ I'(r, 1)) if its density is given by

A" o
frax) = W"r Le™™1 2,

where I'(s) denotes the Gamma function evaluated at s. Simple computations show that E [X, 2] = r/A4
and Var[X, 2] =r/ A%, Moreover, it is a known fact that, whenever ¥ ~ I'(r, 1), then for ¢ > 0, we have
that cY ~ I'(r, A/c). For a real number v > 0, we let

Gv):=2X,p1-v, Xyp1~T(v/2,1).

I Actually, one can rewrite E [ f/(F) — Ff(F)] = E [ty (F)], where 5 (W) := f/(W) — W f(W) is the Stein kernel for the
normal distribution, so that the dependence on N is implicit.

2Similar results are available for the total variation and Wasserstein distance. We refer the reader to [NP12a, Chapter 3] for
further details.
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Then, E [G(v)] = 0 and Var[G(v)] = 2v, that is G(v) is a centred Gamma distribution with parameter v.
The density of G(v) is given by

—v/2

m(x + V)V/Z_le_(x+v)/2]1x>_y.

pv(x) =

We remark that if v € N is an integer, then G(v) d X%(v) has the centred chi-squared distribution

with v degrees of freedom, that is G(v) 4 Z:l(ng — 1), where (Ny,...,NN,) is a standard Gaussian
vector in dimension v. Stein’s Lemma for the Gamma distribution was introduced by Luk in [Luk94]: A
real-valued random variable X has the I'(r, 1) distribution if and only if

E[Xf'(X)] =-E[(r-1X)f(X)]

for a large class of test functions f. This leads to the following Stein equation® associated with the Gamma
distribution I'(r, 1)
xf'(x) + (r—Ax)f(x) = h(x) —E[h(X,2)], x€R (VIL1.5)

where / is a test function in a suitable class of functions. The Stein equation for the centred Gamma
distribution is
2 +v) f(x) = xf(x) = h(x) —E[R(G(¥))]. (VL.1.6)

From this it is easy to verify that if gj, is a solution of (VI.1.5) associated with test function 4, then the
function

X+v

1
fr(x) = 8h; (T

is a solution of (VI.1.6). Explicitly it is given by (see e.g [AEK20, Eq. (3.5)])

), hy(x) = h(2x — v)

_ [ q(1) (1) ~
fn(x) = /_V (—Z(X n V)q(x)]lxg-v + 2t o) V)pv(x)]lp-v) (h(t) —E[h(G(v)))) dt,

where g(x) = (=1)"22712(x + y)Y2e= (/2 apd py is the density function of G(v). The following
regularity bounds on the solution of (VI.1.6), due to Dobler and Peccati, [DP18, Theorem 2.3, Theorem
1.7], will be useful for our analysis in Section VI.2.

Theorem VL.1.3. Ifh : R — R is a Lipschitz function, then there exists a unique Lipschitz solution fy, to
(VI.1.6) with
Ifnlleo < N Nloos N1 fplloo < max (1, 2/v)I17 [lco- (VLLT7)

In particular, for F € Dy 5 such that E[F] = 0, we have that, for fixed v > 0,

dw(F,G(v)) < max(1,2/v) \/E [(F +v) =(DF,-DL""F)y)?]. (VL1.8)

3Several other Stein’s equations for the Gamma distribution are discussed in the literature: for instance, the classical
density approach (see e.g. [CGS11, Section 13.1]) leads to the equation f/(x) — ¢ (x)f(x) = h(x) — E [h(Xr,,l)], where

Y(x) := d% log py- a(x) is a rational function. However, for the conclusions of Theorem VI.1.3 to hold, it is particularly
convenient to have a linear coefficient of f(x), as is the case in (VI.1.5). We refer the reader to [DP18] for more details.
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VI.1.3 Optimal convergence rates in probabilistic approximations

Our principal aim in this chapter is to detect optimal rates of convergence for Gamma approximations on
a Gaussian space. Let {F,, : n > 1} and F, be random variables and d ,» a probability metric (associated
with a class of test functions* .#) characterizing convergence in distribution. Let us formulate the
following definition.

Definition VI.1.4. A strictly positive numerical sequence {¢(n) : n > 1} converging to zero as n — oo
is said to be

(1) an optimal rate of convergence for the probability metric d s if there exist two constants 0 < ¢} <
¢» < oo and an integer ng > 1 such that

c1¢(n) < dyy(Fp, Fo) < 2¢(n),  Vn 2 ny.

(i1) astrongly optimal rate of convergence for the probability metric d  if there exist 4 € J#, constants
0 < ¢1 < ¢ < o0 and an integer 9 > 1 such that

c1¢(n) < [E[h(F)] - E[h(Fo)]| < c2¢(n),  ¥Yn > no.

Obviously, we have that a strongly optimal rate is also optimal. In the light of the above definition,
the convergence rate ¢(n) is optimal as soon as the ratio % converges to a finite non-zero limit.
In [NP09b], Nourdin and Peccati study optimal convergence rates for the Kolmogorov distance in the
Gaussian setting, that is, when the target random variable F,, = N is standard Gaussian and d j» = dko|
is the Kolmogorov distance. Combining the integration by part formula (I.1.31) with the Stein Equation

(VIL.1.1), it follows that the quantity P {F,, < z} —P{N < z} can be re-written as
P{F, <2} =P{N < 2} =B [f{(F)) - Faf:(F)] =B [f{(Fy) (1 - (DF,, —~DL™' Fu)u)]| .

Using the fact that f is bounded by 1 (in view of Theorem VI.1.2), it therefore follows from an application
of the Cauchy-Schwarz inequality that

dol(Fp, N) < \/E [(1=(DF,,~DL ' F)u)?| =: ¢(n). (VL1.9)

In Theorem 3.1 of [NP09b], Nourdin and Peccati provide a set of sufficient conditions under which
the rate ¢(n) in (VI.1.9) is optimal (in the sense of Definition VI.1.4) for the Kolmogorov distance.
Here, as usual, we consider a real separable Hilbert space H as well as an isonormal Gaussian process
X = {X(h) : h € H}, and assume that the random variables F,, are certain functionals of X.

Theorem VL.1.5. Let {F,, : n > 1} be a sequence of centred random variables such that Var[F,] — 1
as n — oo. Assume that

(i) for every n > 1 one has that F,, € Dy, and the law of F,, is absolutely continuous with respect to
the Lebesgue measure,

(ii) the numerical sequence ¢(n) defined in (V1.1.9) satisfies ¢(n) < oo,¥n > 1, ¢p(n) — 0,n — oo and
there exists an integer m > 1 such that ¢(n) > 0,Yn > m,
1—<(DF,,~DL™'F,)y

¢(n)
two-dimensional Gaussian vector (N1, N>) such that Var[N,] = Var[N,] = 1 and E[N|N;] = p

for some real number p.

(iii) the two-dimensional random vector (Fn, ) converges in distribution to a centred

4For instance, when dealing with the Wasserstein distance, we have that the class 7 coincides with that of 1-Lipschitz
functions.
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Then dxo1(Fp, N) < ¢(n) and for every z € R, one has that, as n — oo,

P{F, <z}-P{N <z} B(Zz_l)e—z2/2

- —_—

¢(n) 3 \V2n
In particular, if p # 0, the sequence {¢(n) : n > 1} is a strongly optimal rate of convergence for dxe in
the sense of Definition VI.1.4.

When specializing the above findings to the case where each F,, is an element of the second Wiener
chaos associated with X, their results allow to prove the following result (see [NP0O9b, Proposition 3.8]).
In particular, in such a situation, the set of sufficient conditions (i)-(iii) derived in Theorem VI.1.5, as
well as ¢(n), can all be expressed by means of the third, fourth and eight cumulants of F,,.

Theorem VI.1.6. Let {F, : n > 1} be a sequence of random variables such that F,, = I,(f,) for some

d
fn € H® for every n > 1. Assume that Var[F,| = 1 for every n > 1. Then F, — N if and only if
k4(F,) > 0as n — oo. In this case, one has that

dxol(Fn, N) < ¢ \ka(Fy)

] 11 j k3(Fn)
for some absolute constant ¢ > 0. If in addition, there exists @ € R such that Jeis T @ and
,28((FF_"))2 — 0 as n — oo, then for every z € R, one has that, as n — oo,
P{F‘n < Z} —P{N < Z} a ) 6—22/2
— (=29

Via(Fy) 3! ar

In particular, if a # 0, then there exists a constant ¢’ and an integer ng > 1 such that for every n > ny

dkol(Fu, N) = ¢’ \ka(Fy).

We finish this section with some bibliographic comments. A multivariate extension of Theorem
VI.1.5 for smooth probability distances is established by Campese in [Cam13]. In [NP15, Theorem 1.2],
Nourdin and Peccati prove an optimal fourth moment theorem in total variation distance for normalized
sequences of chaotic random variables F,, = I,(f,) converging in distribution to a standard normal
random variable. Therein, they show the existence of absolute constants 0 < ¢; < ¢; < oo such that
ciM(F,) < drv(F,, N) < coM(F,,), where M(F},) := max(|«3(F,)|, |k4(F)|). Such a result is to be
compared with Theorems 1.9 and 1.11 of [BBNP12], where the authors obtain similar bounds for smooth
probability metrics, involving C? test functions with bounded derivatives. Finally, in [AP15], Azmoodeh
and Peccati study optimal rates in the framework of normal approximations on a Poisson space.

VI.1.4 Gaussian analysis on the second Wiener chaos

Throughout this part, we fix a separable Hilbert space H with orthonormal basis (e; : j > 1) and define
an isonormal Gaussian process X = {X(h) : h € H} on some complete probability space (Q, 7,P). In
this section, we present a number of useful properties enjoyed by double Wiener integrals, that is random
variables taking the form F = L(f) for some f € H®?. In order to do so, we first introduce auxiliary
tools from functional analysis associated with a symmetric kernel f € H®2.

Definition VI.1.7. Let f € H®2. We define the Hilbert-Schmidt operator oy : H — H associated with
f by @r(g) := f ® g (where ®; indicates the contraction operator of order 1, defined in (I.1.22)). We
write (4;(f) : j > 1) for the eigenvalues of .27y and assume that [A;(f)| > |1j41(f)] for every j > 1;
we denote by (e;(f) : j > 1) the eigenvectors associated with (4;(f) : j > 1). Furthermore, we write
N = N(f) for the rank of .27, that is, N is the integer verifying Anx (f) # 0 and An4+1(f) = 0.



Chapter V1. Optimality of convergence rates in Gamma Approximations 198

The next proposition gives a useful representation of double Wiener integrals as well as a formula for
their cumulants (see for instance Propositions 2.7.11 and 2.7.13 in [NP12a]). In particular, from part (i)
we deduce that a random variable having the centred chi-square distribution is an element of the second
Wiener chaos.

Proposition VL.1.8. Let F = L(f) for some f € H®?.

(i) We have F = },;s1 4;(f)H2(N;), both P-almost surely and in L?*(P), where Hy(x) = x> — 1 is
the second Hermite polynomial, (1;(f) : j > 1) are the eigenvalues associated with the Hilbert-
Schmidt operator <7y and (N; : j > 1) is a collection of independent standard Gaussian random
variables.

(ii) Forevery p > 2, writing cp := 2P=Y(p = 1)\, the p-th cumulant of F is given by

kp(F) = cp D" 4;(F) = pTr(D). (VL1.10)

j=1

Remark VI.1.9. (a) Since the ordering of the eigenvalues A;(f) has no impact on the distribution of
F, the assumption |A4;(f)| > |4;4+1(f)] stated in Definition VI.1.7 is not restrictive.

(b) The construction in point (i) of Proposition VI.1.8 is a consequence of the multiplication formula
for multiple integrals (see (I.1.28)). Indeed, writing (e;(f) : j > 1) for the eigenvectors of o7y
forming an orthonormal system of H, one can expand f = 3 ;>1 4;(f)e;(f) ®2 in H®?, so that by
(I1.1.28), one has

L) =Y 4(Hhe(H®) = Y L) (e (NP =1) £ ;00 (N2 -1),
Jjz1 izl j>1

where N; are i.i.d standard Gaussian random variables. The independence of (N; : j > 1) then
follows from the fact that (e;(f) : j > 1) is orthonormal in H.

VI.2 Main results: Suboptimal rates on the second Wiener chaos

Let {F, : n > 1} be a sequence of centred random variables such that Var[F,] = 2v for every n > 1 and
d

F, — G(v) for some v > 0. In view of the upper bound for the Wasserstein distance in (VI.1.8), our goal

of this section is to analyze the following problem.

Problem VI.2.1. Can we provide a set of sufficient conditions on {F,, : n > 1} (similar to (i)-(iii) in
Theorem VI.1.5) implying that the numerical sequence {¢,(n) : n > 1} given by

b, (n) = \/E [(2(F, +v) = (DF,,~DL'F)n)?] (VI.2.1)
is an optimal rate of convergence for the Wasserstein distance dv in the sense of Definition VI1.1.4?

In order to approach Problem VI1.2.1, we follow the route of Nourdin and Peccati [NP09b] for normal
approximations. We define the random variable
2(F, +v)—{(DF,,-DL'F,
F) = 2+ ) — (DF, i (V12.2)
¢y (n)
and are interested in characterizing the joint convergence in distribution of the two-dimensional vector
(F,, F,EV)). Our main results show that the answer to Problem VI.2.1 is negative in the case when F,, is a
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random variable in the second Wiener chaos, in the sense that the rate ¢, (n) is not strongly optimal. In
order to state our main results, we write (see Proposition VI.1.8)

Fa=h(fa) £ dnjHa(N), (V1.2.3)

izl

<y, (see Definition VI.1.7) and (N}, j > 1) are independent standard Gaussian random variables. The

where (4,; := A4;(fn),j = 1) denote the eigenvalues associated with the Hilbert-Schmidt operator

following proposition states that the random variable F in (V1.2.2) is an element of the second Wiener
chaos.

Proposition VI.2.2. Let v > 0. Assume that {F, : n > 1} is a sequence of random variables as in
(V1.2.3) and such that Var[F,,] = 2v for every n > 1. Then, F,EV) is an element of the second Wiener
chaos admitting the P-almost sure and L*(P) representation

FY = Z A Hy(N)), (VL1.2.4)
izl
where
_ Apj— A% .
nj A , j> 1. (VI.2.5)

V2 [ Sialdnk = 22,1

In the forthcoming two theorems, we provide a partial characterization of the limiting distribution
of the sequence {F,EV) ‘n > 1} as n — oo, by distinguishing the case where (i) the rank N = N(f,) of
a7, is constant for every n (see Theorem VI.2.5) and (ii) the rank N = N(f,,) € N U {co} is such that
N(f,) — oo as n — oo (Theorem VI.2.6).

Notation VI.2.3. o For numerical sequences {a, : n > 1} and {b, : n > 1}, we use the symbol
a, = by, to indicate that a,, — b, — 0 as n — oo, and a, < b, if 0 < liminf, _, |a,/b,| <
limsup,,_,q, |an/bn| < co. As usual, a,, = o(b,) means that a, /b, — 0 as n — oo.

e LetF, = Zjl\il An,jHy(Nj) be an element of the second Wiener chaos, where 1 < N = N(f,) < o
is its rank. For an integer v > 1, we define the following two numerical sequences

N
wn) = max{| A, —11:j=1L..,v}, #m):= ) 4. (V1.2.6)

j=v+1

Remark V1.2.4. (a) In [AEKI18], it is shown that a sequence F,, = I(f,) converges to a centred
Gamma distribution G(v) with parameter v if and only if v is an integer and 4,,; — 1i<j<, as
n — oo. A proof of this fact is presented in Proposition VI.2.11. In the following statements, we
therefore implicitly have that v is an integer.

(b) We shall use the notation in (VI.2.6) independently whether the rank N is finite or infinite. Note
that for every N € N U {oo}, we have #(n) < 3 ;54 ’li,j = v < oo in view of Proposition VI.1.8.

(c) Since E [Fr%] =221 /li,j = 2v, we have the relation

v v N
0< Y (1= =2> (1= dup)= D, A2, < 2vw(n) - B(n), (V12.7)
j=1 j=1

j=v+1

showing that 9(n) < 2vw(n). This implies in particular that ©#(n)/w(n) cannot diverge and thus
the only possible cases are #(n) < w(n) and #(n) = o(w(n)), as n — oo.
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The following theorem characterizes the limiting distribution of FY in the case of constant rank.

Theorem VI.2.5. (Case of finite rank) Assume that F, admits the representation (V1.2.3) and is such
that N(f,) = N < oo for every n > 1 (that is, the series in (V1.2.3) is replaced with a summation from 1
to N). Assume that Var[F,,] = 2v for every n > 1 and F,, converges in distribution to a centred Gamma
distribution G(v) with parameter v as n — oo. Then, there exist real numbers {5 jij=L...,N } such
that Z}le t;=0and, asn — oo,

N
d
FY 5 G Hy(N)).

Jj=1

For the case of infinite rank, we can prove the following partial limit theorem, valid in the case where
¥ (n) < w(n). For the (remaining) case where #(n) = o(w(n)), we refer the reader to the subsequent
Remark VI.2.7 (b).

Theorem VI1.2.6. (Case of infinite rank) Assume that F,, admits the representation (V1.2.3) with rank
N = N(fn) € NU {co} such that N(f,) — o0 as n — oo, and is such that Var[F,] = 2v for everyn > 1

d
and converges in distribution to G(v) as n — oo. If #(n) < w(n) as n — oo, then F,EV) — Ny, where Ny
is a standard Gaussian random variable that is independent of (N; : j > 1).

Remark VI.2.7. (a) We observe that the findings derived in Theorems VI.2.5 and V1.2.6 are both in
accordance with Theorem 3.1 of [NP12b] asserting that, if a sequence G, = I>(gy), n > 1 belonging
to the second Wiener chaos (with respect to some isonormal Gaussian process X) converges in

. . . d
distribution to some random variable G, then one has necessarily that Go, = I5(g«) + A1oNy, for
some g € H 92 and Ay € R, where N, is a standard Gaussian random variable that is independent
of the underlying isonormal Gaussian process X.

(b) The conclusion of Theorem V1.2.6 is valid under the asymptotic assumption #(n) < w(n). In order
to prove such a result, we show that the fourth cumulant of F,g") converges to zero as n — oo. We
remark that the case #(n) = o(w(n)) is open: in this framework, we are able to prove that the fourth
cumulant of F,iv) is lower bounded by a strictly positive constant, thus showing that a non-central
convergence takes place. Several preliminary examples in this specific case show that the limiting
distribution of F,EV) is of the form ;> {;H2(N;) + A9Np, where {; are real numbers verifying the
condition Z}fz ,€j =0, and Ny is a standard Gaussian independent of (N; : j > 1), thus being of
similar nature than the finite rank case.

As a by-product of Theorems VI.2.5 and V1.2.6, we derive the following sub-optimality phenomenon
for a large class of random variables living in the second Wiener chaos. For an integer v > 0, we define
the class® (v) to be the collection of all sequences {F,, = I,(f,),n > 1} such that Var[F,,] = 2v for

d
every n > 1, F, — G(v) and verifying the conditions and (i) N(f,) = N € N for every n > 1 or (ii)
N(fy) — oo and ¥(n) < w(n) asn — oo.

Corollary VLI.2.8. Let {F, : n > 1} be an element of Z(v). Then,
(i) Foreveryn > 1, dw(F,,G(v)) < max(1,2/v)¢,(n).
(ii) For every h € Lip(1), one has that, as n — oo

ElrE)] - BRG]
¢y (n)

5Such a class of sequences is formulated in order to contain all the cases covered in Theorems V1.2.5 and VI.2.6.

0.
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In particular, the rate of convergence associated with the numerical sequence {¢,(n) : n > 1} is not
strongly optimal for the Wasserstein distance.

Remark VI.2.9. Assuming that the distributional limit theorem for F,SV) conjectured in Remark VI.2.7 (b)
for the remaining case #(n) = o(w(n)) takes place, our arguments used to prove Corollary VI.2.8 would
allow to extend the sub-optimality phenomenon to all sequences F;, living in the second Wiener chaos.
Indeed, by inspection of our arguments used in the proof of Corollary V1.2.8, the main features determining
the sub-optimality phenomenon are the arithmetic condition Z;zl ¢; = 0 and the independence of Ny
from (N; : j > 1) (which is guaranteed thanks to [NP12b, Theorem 3.1]).

V1.2.1 Further comments and remarks

Whether the phenomenon observed in Corollary VI.2.8 remains valid in the case where F,, is an element
of the g-th Wiener chaos with ¢ > 3 is a natural question to ask. We formulate it in the following
conjecture.

Conjecture VI.2.10. Let g > 3 be an integer. Let F,, = 1,(fy), fn € H®? be a sequence in the q-th

Wiener chaos such that Var[F,] = 2v for everyn > 1 and F,, 4 G(v). Then, for every h € Lip(1), one
has that, as n — o

E[h(Fa)] = E[R(G(v))] .
¢y (n)

Here below, we make some more comments on our findings and Conjecture VI.2.10.

0.

(a) The statement in Conjecture VI.2.10 is quite strong and might sound far-fetched at first reading.
Indeed, our proofs on the second Wiener chaos heavily revolve around the tools from Proposition
VI.1.8, whose analog in higher-order chaoses is not available. An explicit example in favour of the
conjecture within the fourth Wiener chaos is presented in Section VI.2.3.

(b) The content of Corollary VI.2.8 is of different nature compared to Theorem VI.1.6 for Gaussian
approximations. Therein, it becomes clear that the numerical sequence given by Vk4(F,,) provides
strongly optimal rates of convergence as soon as « therein is non zero, that is, k4(F,) is of the same
order as «x3(F},). Our results show that such a phenomenon is absent for Gamma approximations.

(¢) In Proposition VI.2.2 we showed that, if F}, is an element of the second chaos, then so is F,EV).

We point out that this phenomenon fails on higher-order chaoses: indeed, an application of the
multiplication formulae for multiple integrals (see (1.1.28)) allows to show that, if F,, = 1,(f5), (¢ >
2) is such that Var[F;,] = 2v, then (see for instance [NP09c])

—1)\? _
7 )Iq(cqfn—fn@aq/zfn)

1 2 _ _
Z(Fn+v)_5”DFn”H = q(q/2 1)!(q/2_1

q-1 g—1 2 _
-q ). - 1)!(r . 1) Dg-ar(fa®r f),

r=1r#q/2

where

2 1
Cqg = =
T og@r-0(%5) @(%h)



Chapter V1. Optimality of convergence rates in Gamma Approximations 202

This shows in particular that the random variable 2(F;, + v) — éllDFnH%{ lives in a finite sum of
Wiener chaoses. By the isometry property of multiple Wiener integrals, one deduces that

q-

2
1 —
- ) llcg fn = Fa®qr2fullisq

¢v(n)* = qq(q/2—1>(

q-1 2
-1 _
Y (2q—2r>!<r—1>!(f_1) 1fn®r fallfrscaan - (VI28)

r=1Lr#q/2

Our findings in Theorems VI.2.5 and VI.2.6 on the second Wiener chaos are therefore of independent
interest, as their generalization to higher-order chaoses seems to be a rather demanding task in full
generality.

(d) In [AEK20, Theorem 1.3], the authors prove that, whenever F,, = L(f,), fn € H ©2 s such that
Var[F,,] = 2v, then there are constants 0 < ¢; < ¢ < oo such that ccM(F,,) < dr(F,, G(v)) <
coM(F,), where M(F,,) := max(|«3(F,) — k3(G(v))|, |ka(Fy,) — k4(G(v))]), and d» stands for the
2-Wasserstein distance involving C? test functions with bounded derivatives, showing in particular
that the rate of convergence M(F,,) is optimal for d,. We point out that our arguments used in
order to prove Theorems VI.2.5 and VI1.2.6 are sufficient to directly prove that M(F,,) = o(¢,(n)),
implying that the rate of convergence associated with ¢,,(n) is suboptimal for the smooth distance
d,. We believe that our exposition based on the explicit characterization of the limiting distribution
of the random variables F,E") yields a more complete view point on why such a sub-optimality
phenomenon occurs.

VI1.2.2 Proofs of main results
VI1.2.2.1 Preliminary results

The following proposition will be of importance for our results: It tells that if a sequence of double
Wiener integrals converges in law to a centred Gamma random variable G(v), then necessarily G(v) has
the chi-squared distribution with v degrees of freedom. We prove it for completeness.

Proposition VI.2.11. Let {F, : n > 1} be a sequence of random variables such that F,, = L(f,) for
some f, € H®? and Var[F,] = 2v foreveryn > 1. Fix v > 0. Then, as n — oo, we have that

(F,,ic(v)) — (veN and A;(fu) - Ligjen Vi 2 1).

Proof. Assume first that F,, 4 G(v) for some v > 0 as n — oo. Then, we have that «, (F,) — «,(G(v))
forevery p > 2. The cumulants of G(v) can be computed as «1 (G(v)) = 0and «, (G(v)) = 2P (p=1lv,
for p > 2. In particular, by Proposition VI.1.8 (ii), we deduce that )’ ;. AP nj =V for every p > 2. In
view of [NP09a, Theorem 1.2], we moreover have that Var[||DF, ||z — 2F,] — 0. This implies that for
every j > 1,

1
2= 12 <22 (A = 1) = > = g VarllDF,ln - 2F,] 0.
Jj=z1

This shows that accumulation points of 4, ; are 0 and 1 for every j > 1. We first consider 4,, ;. Assume
that there is a subsequence {ny : k > 1} such that 4,, 1 — 0as k — oco. Then, by the ordering assumption
of the eigenvalues (see Definition VI.1.7), we have that

2
Z/l"k] - "klz/lnk] = /lnk 1var[Fnk] -0,

j=1 j=1
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which contradicts the fact that k4(F,, ) — k4(G(v)). We deduce that 4,1 — 1, implying in turn that
22 /I‘Z el 1 for every p > 2. Repeating this process inductively shows that v € Nand 4,,; — 1

for every j = 1,...,v. Therefore, we are left with };-,,; /l’; i~ 0 for every p > 2. In particular, we
have for every j > v + 1 ‘

so that A4, ; — O for every j > v + 1, as n — oco. Let us now prove the reverse direction: assume that

veNand 4,; — 1<, forevery j > 1, as n — oco. Since v € N, we have that G(v) 4 ;:1 H>(N;)
where (Ny, ..., N,) ~ N, (0,L,). In particular, using Proposition VI.1.8 (i) yields that

d
Fr=G0) £ ) (nj = Tisjev) Ha(Np),
izl
so that, the orthogonality relation for Hermite polynomials in Proposition 1.1.22 gives
2
E[(F =G0 =2 (Anj-Tigjsr) =2 D [y =17 +2 > 4;(fn)?
Jj=1 1<j<y j2v+l
The first sum converges to zero by assumption. For the second sum, we write
D= > A s v-v=0,
j2v+l j=1 1<j<v

where we used the fact that Var[F, ] = 2v. This shows that F;, converges to G(v) in L?(P) and therefore
in distribution. O

We now prove Proposition VI.2.2.

Proof of Proposition VI.2.2. Since F, is an element of the second Wiener chaos, we have that
(DF,,-DL7'F,)y = 1IIDF,||3. Writing F,, = L(fn) = Yjz1 Anjh(ey; 2), where e, ; = e;(fn)
denote the eigenvectors associated with 4, ;, a direct computation gives

DFy =) An;Dh(ef?) =23 Anili(en)en,
j=1 Jj=1
so that
1
SIDEG =2 ) Anjdnici(en )i (eni)en s enin
jk>1

=2 Z /lfz,jll (en’j)z = ZZ ﬂinZ(Il (en,j)) +2v,

j=1 j=1
where we used the fact that 23,5, /li,j = ky(F,) = Var[F,] = 2v in view of Proposition VI.1.8.
Therefore, we have that
2(F, +v) — |DF || ZZ nj — fl’j]Hz(Nj). (VI1.2.9)
Jj=1

Using the orthogonality relation of Hermite polynomials in Proposition 1.1.22, it follows that

¢y (n)

1 2
-E (Z(Fn +v) - EHDFn“}ZL]) l =8 Z[An,,- -4,

izl

Dividing the R.H.S in (VI.2.9) by the expression of ¢, (n) then yields the desired conclusion. O
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VI1.2.2.2 Proofs of Theorem and VI.2.5 and Theorem VI.2.6

Proof of Theorem VI.2.5. Since F, i> G(v) as n — oo, it follows from Proposition VI.2.11 that v €
{1,...,N}isanintegerand 4,,; — lforevery j = 1,...,vand 4,,; — Oforevery j = v+1,..., N. Since

Var[F,EV)] = 1 for every n > 1, the sequence {F,§V) n > l} is tight and thus there exists a subsequence

d
{ny : k > 1} and a random variable FO(OV) such that F,E‘,:) - Fo(;' ) as k — co. Without loss of generality

. . d . .
and for notational reasons, we will assume that F,, AR F ™) as n — oo. For j=1...,N, we write
tj :=lim, e 4, ;, where A .j 1s as in (VL.2.5) and where the series over j > 1 is replaced with a finite

sum over j = 1,..., N. We now show that F( v) converges to F(V) Z | {iH2(Nj) in L?*(P) as n — oo.
Indeed, we have that

N

E[(F,E” —F;V))z] =E =2

N
(Z (i =€) (A fj)Hz(Ni)Hz(Nj))

ij=1

=1
which converges to zero by definition of £;. It remains to show that 25:1 t; = 0. In view of Proposition

VI1.2.11, the assumption that F;, i G(v) implies that both w(n) and ¢#(n) in (VI.2.6) converge to zero

as n — oo. In order to prove the claim, we distinguish two cases: (i) v € {2,...,N — 1} and (i) v = 1.
We start with the case (i). For notational convenience, we assume that w(n) = |1 — A, 1|. The arguments
work similarly if w(n) = |1 — A, x| for some k = 2,..., N. In view of Remark VI.2.7 (a), it suffices to

treat the two cases #(n) = o(w(n)) and ¥ (n) < w(n). In the case ¥(n) = o(w(n)), we write

i (1= )
I+ 2 un]m T 1

- /lnj(l_/lnj)
1+ _— .
Z/lnl(l—/l

< —
L3 2 (12102 L3N L -L0” | V2| A, n1)
k=2 42 (=2 2 Sk=v+l 2 (1-2,0)2

Using the fact that 4,,; — 1 as n — oo, we have that

1+Z n](l n]) ~ 1+ = (l_ﬂn,j) 1
nl(l_ nl) =2 (l_ﬂn,l) 2

1 -1+ Z] v+l
1+ = -1- /l
21- (V Z ) [
Now, we observe that, in view of the asymptotic assumption #(n) = o(w(n)) and the triangle inequality,

_1+Zj v+1
1-2

- 0.

1= An w(n)

2
At '+ B(n)

This shows that Z};l ¢; = 0. In the case where #(n) < w(n), we write

A (12 )
S~ 1 L+ Y Ty

/ln,j < — .
=) V2 N L (-2,0)?

A (1=25,1)2

Reasoning similarly as above and exploiting the asymptotic assumption ¥ (n) =< w(n), shows that the
numerator of the R.H.S is asymptotically bounded by &#(n)/w(n) < 2v (see also Remark VI.2.4 (c)).
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Therefore in order to conclude, it suffices to show that the denominator diverges to infinity as n — oo.
Using that 1,1 = 1land A,y — Oforevery k = v +1,..., N, yields that, as n — o

2 2 2
i A = )™ i e 1 AL R (VI.2.10)
Gt A= n)? S A= du)? = Al o)

since #(n) =< w(n), which suffices. The remaining case (ii) where v = 1 can be dealt with similarly. O

4
Proof of Theorem VI.2.6. As in the beginning of the proof of Theorem VI.2.5, we assume that F, o)
FY as n — oo for some random variable F ™) Since for everyn > 1, F, ™) is an element of the second

Wiener chaos, in order to show that F,EV) — N, it suffices to show that K4(F,EV)) — 0asn — ocoin
view of Theorem 1.1.30. Using the explicit form of F,iv) in (V1.2.4) together with formula (VI.1.10) with
p = 4, we have that

~ Szt A (1= A"
ka(F) =48 ) T3 = mJ .
j=l (Zjs1 22,1 = 2,)?)
ot A= Ant L Bt A, (1= )
2 -] 2 (1=, 02)
(ijl (1= Anj) ) (ijl (1= Anj) )

We show that a(n) and b(n) both converge to zero as n — co. Without loss of generality, we assume that
w(n) = |1 = Ap1]. For a(n), we have that

=12 =: 12[a(n) + b(n)].

n[ (1 /ll'l,j)
A= ) T+ X 3 T,y
<

2 — 2°
2 _ )2
(ijl /ln,j(l /lnj) ) (1 + Z]>v+] /1", (1 /lnj)z)

(1-An,1)?

a(n) =

For the numerator in the R.H.S, we use that /lflj < /l‘:ll forj =2,...,vand (1 - /ln,j)d' < wm)?* =
(1- /ln,1)4, to obtain that

n](l nj) a)(n)4 _
+Z La-a G-y S 0= a =

For the denominator, we have for every integer N > v + 1

2 2
Ay (L= Anj)? i Lo A=)
/131’1 (1 - /ln,l)2 B /lil (1 - /1n,1)2

j2v+1 Jj=v+1

as n — oo in view of the finite-rank case obtained in (V1.2.10) and the asymptotic relation #(n) =< w(n).
This shows that a(n) — 0 as n — oo. For b(n), we write

Z_/'2v+l /li,j(l - /lnsj)4 (1- /ln,l)4 Zj2v+2 /li,j 1 4
b(n) = - R T ;< >,
; /l . 1_/1 i ,1 - I’l,l n, (1 /ln )2 ,1 j >
(2121 ”,J( n.j) ) " (1 2jzvi2 ,121 (-1n 11)2) i

which converges to zero as n — oo, thanks to Proposition VI.1.8. This proves that K4(F,,(,V)) — 0 as
n — oo and thus F,EV) converges in distribution to a standard Gaussian random variable Ny. The fact
that Nj is independent of (N; : j > 1) directly follows from the characterization of limiting distributions
within the second chaos (see [NP12b, Theorem 3.1] and also Remark VI.2.7 (a)).

O
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VI1.2.2.3 Proof of Corollary VI1.2.8

Proof of Corollary VI.2.8. Part (i) is exactly (VI.1.8) proven in [DP18]. We prove part (ii). Denote by
FY the limiting distribution of F,ﬁ"). The desired conclusion follows the following two facts:

D : (Fu F) S (GO EY), nooo, (D) :E[f(GOHEY] =0.

Indeed, assume that (I) and (II) hold. Then, since f; is bounded and F,EV) has variance 1, we have that
the sequence {f}; (Fn)F,EV) ‘n > 1} is uniformly integrable, so that E [ff: (Fn)F,ﬁ")] - E [f/l(G(v))Fo(o")]
as n — oo, in view of (I). Combining the Stein equation (VI.1.5) and the integration by part formula
(I.1.31), one therefore obtains that for every function / : R — R,

E[h(F)] - E[R(G()]
¢y (n)

2(F, —(DF,,-DL7'F,
E[f;é(Fn)- (ot v) <¢ o >H]

E[f(F)F | = B[ f(GONFY ] =0

by (II). We now prove that (I) and (II) hold in the cases of finite and infinite rank. If N(f,) = N < oo
for every n > 1, we have Fo(o") 4 Zjl\il {iHy(N;) with Z}f:] t; =0, in view of Theorem VIL.2.5. Thus, for

every s,t € R, using dominated convergence together with the fact that 4,, ; — 1;<;<, and /Tn’ j — ¢, for
j=1,...,N, shows that

P (V) .
lim E [e’(tF"“F” )] = lim E

n—oo n—oo

N
exp {i (tAnj + $An, j)Hz(N]-)}
j=1

v N
exp {it D H(Np) +is ) fsz(Nj)}
i=1 j=1

J

-E -E [ei(tc(v)+sF;V>)] ’

which implies the desired conclusion. Let us now deal with the case of infinite rank and assume that
9(n) = w(n), as n — oo. In view of Theorem VI.2.6, we have that F2) £ Ny ~ N/(0, 1), where Ny is
independent of (N; : j > 1). We can use [NR14, Theorem 4.7] (in the case r = s = 1), according to
which it is sufficient to prove that E [F,,F,EV)] — 0 asn — oo. After straightforward simplifications based

on the explicit forms of F;, and F,(LV) , one has that

V(1= )+ i A2 (1= Ay
E[FnFr(LV)]= 32! nj ¢ ) F Djzvar 4y, j) . VBl + b

oo By Ay

We prove that both a(n) and b(n) converge to zero as n — oco. This can be achieved by the same techniques
used in Theorem VI1.2.6 for proving that k4 (F) > 0, as well as exploiting the asymptotic assumption
P(n) < w(n). We omit the details. We thus conclude that (I) holds. Let us now prove the validity of (II).

If the finite rank case, we have that Fo(ov) d Zj.\]: | CiH2(Nj) with Z}le t; =0, so that
v v v

f (Z Hz(Ni)) Hz(Nj)l = Y LE|fr (Z H2<Nl~)) Hz(Nj)l
i=1 le i=1

f,;( Hz(N»)Hz(Nl)l D=0
i=1 j=1

N
E[f(GO)FY ] = Z@E
j=1

=FE
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where we used the fact that Ny,...,N, are iid AN(0,1) and Z};l t;j = 0. This implies that
E [£;(G(»)F’] = 0, since by Cauchy-Schwarz and (VL.1.7),

f;z (Z HQ(N,')) HZ(NI)I < ymax(1,2/v) \/E [HZ(NI)Z] < .

i=1

E

In the case of infinite rank and the assumption ¥(n) < w(n), we have Fo(;’ ) 4 Ny where Ny ~ N (0, 1) is
independent of (N; : j > 1), so that E [ f; (G(»))No| = E [f;(G(»))] E[No] = 0, which suffices. O

VI1.2.3 Suboptimal rates of convergence on the fourth Wiener chaos: an example

In this section, we provide a concrete example of a sequence in the fourth Wiener chaos (obtained by
squaring elements of the second Wiener chaos) for which the sequence {¢,(n) : n > 1} in (VL.2.1) leads
to non-strongly optimal bounds (see also Conjecture V1.2.10).

Let H be a separable Hilbert space with orthonormal system (e; : i > 1) and consider a sequence of
i.i.d standard Gaussian random variables {N; = I1(e;) : i > 1} defined on a complete probability space
(Q, 7, P). Define the random variable

1 1
Gpi=——= Y Ho(N)=h|—— » e ®e¢|=hig), (VI2.11)
d
where, as usual, [n] := {1,...,n}. By the classical Central Limit Theorem, we have that G,, — N (0, 1)
as n — oo. Squaring G, and using the identity H>(x)? = Hy(x) + 4Hy(x) + 2, gives
1
e 2 _
Fo = Gp-1=5- Z Hy(N)Hy(N;) - 1
i,j€n]
- D Hi(Ny) + 1 D Hy(N)Ha(Nj) + ! D Hy(N))
= 2n . 4\1Vg n L PARAS) 204V on . PAVAS)
i€[n] i#j€[n] i€[n]

= TL4(Fy) + I(Fy) = 14(8n®8n) + 41(8n®18n),
where I () stands for the projection on the k-th Wiener chaos. In view of the Fourth Moment Theorem
1.1.30 applied to G, we have that IIg,@lgnlliw2 — 0 as n — oo, implying that
E [(Fy = Ta(F,)?| = 32l1ga&18allFye: — O,

that is, F,, is dominated by its projection on the fourth Wiener chaos. In view of this, we set

_ N N _
F, = ——T4(F,) = ————I4(2,%¢,), VI1.2.12
Wartnro] ) T Wanmary e ( )

— — — —~ d
so that F;, satisfies E [Fn] =0, Var[Fn] =2,and F,, — G(1), where G(1) denotes a centred chi-square
with one degree of freedom. Let v, := Var[Il4(F,)] — 2. We compute the limiting distribution of the
random variable

=) _ 2+ D) — 4 IDF, I

n , VI.2.13
¢1(n) ( )

where ¢, (n) := \/Var[z(l?; +1) — 41 DF,12]-

The following theorem characterizes the asymptotic joint law of the vector (£, Fn( )), and in particular
shows that the rate of convergence ¢ (n) is not strongly optimal.



Chapter V1. Optimality of convergence rates in Gamma Approximations 208

Theorem VI.2.12. Let F, and Fy\ be as in (V1.2.12) and (V1.2.13), respectively. As n — oo,

- 22
(F,,, Fn(”) 4 <22 _1 —%23),

where Z ~ N (0, 1). In particular, for every h € Lip(1), we have that, as n — oo,

E [h(F)| - E[R(G(1))]
$1(n)

-

VI1.2.3.1 Proof of Theorem VI.2.12
The following lemma provides asymptotics for ¢ (n).
Lemma VI.2.13. As n — oo, we have that ¢1(n) ~ ¢ n~1/2 for some absolute constant c¢; > 0.

Proof. By definition of E in (VI.2.12) and (VI1.2.8), it follows that ¢ (n) is a linear combination of the
contraction norms ||1l8fn — [u®2 fullges, | fn®1 fullges and || f,®3 fnllge2, where f, := g,®g, and g, is
as in (VI.2.11). A standard computation shows that

— 1
fn = gn®gn = 2— Z [(ei®e,-®ej®ej)+(ei®ej®ei®ej)+(el-®ej®ej®ei)
e
+(6j ®e;®e; ®e;) + (ej ®e Bej ®e;)+ (6j Re ®e; ®e_,~)]

2

We now compute ||fn§1fn||H®6.

By the above, it follows that f,, ®; f, is a finite sum of terms of the type

1 1
— (ei®e; Qe Ve )V (1 Re e Ver) = — (ei®e; Qe Ve Qer Qer).
4n? 7= 4n? 7=
ij. Lk ij.k

Therefore, || f,®1 f, ”H?{®6 = (fu®1fn» fn®1fn)pes is a finite sum of terms of the type

1
FZZ(ei®ej®ej®e,-®ek®ek,er®es®es®er®e,®et>H®e
n

i,j,k ¥ss,t
+ei®ej®ej®e; Qe ®er, e, Be ®e; ey e ®er)yes
+Hei®ej®ej®e; Qe ®er,e; Qe ®e, e B ey ®er)yes

= cln_1 + czn_2 + C3n_3 !

~cn 7,
where c1, ¢, c3 are absolute constants. This shows that || f,,®; fnllé,®6 = fné:‘a‘fn”%{@z ~ cin~!. The
proof showing that || 75 fn = fu®2.full?,es = O(n™") is obtained similarly by writing || g5 fn = fa®2.full? os =
||fn§2fn||i,®4 = 2/18(fns fn®2fn)pres + (1/18)2||fn”?{®4- o

We are now in the position to prove Theorem VI.2.12.

Proof of Theorem VI.2.12. Exploiting the chain rule of the Malliavin derivative (I1.1.23) as well as the
identity Hy(x)H;(x) = H3(x) + 2H(x), we compute

— V2 V2 |1 1
DF, = MDm(Fn)—v—v_nb{%;mmwm%ii;n]HxNi)Hz(N,-)}
2 4 2 4 2
= AN et 22 S Ny = A + B,

VVn 2n ieln] VVn 2n i#jeln] Von
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where

4 4
An) = 5= ) Hx(Nei. B(n)i= 5= )7 NietHa(N)).

i€[n] i#j€[n]

Therefore, we have that 47! ||D’IE’;||§I = ﬁ(A(n) + B(n), A(n) + B(n))g . Elementary computations based
on expressing products of Hermite polynomials in the basis of Hermite polynomials, yield the following
identities (after simplifications)

2ZH6(N)+ 2ZHA;(NH = ZH2(N)+—4

i€[n] 1€[n] i€[n]

(A(n), A(n))n

(A, B = — Z Hy(N))Hy(N}) + — Z Hy(N;) Ha(N;)

i#j i#]
(B(n), By = — ZH4(N VH(N)) + — ZHzav)Hz(N )+ LS Hy (N Ha (N Ha (V)
t;&] i#j i#j#l
;) + 24(’1—2_1) Z HZ(NI) + 8’1(’1—2)
ie[n] i "
i#]

In view of (VI1.2.13) and the fact that, by Lemma VI1.2.13, ¢;(n) ~ cin~ Y2, we have

\/_
H4(N;) + H>(N;)H2(N;) + 2 n.
T 3 0 e S

Using orthogonality relations of Hermite polynomials, it is easy to verify the following asymptotic
relations as n — oo

Va[2(F, + 1)] =

4 L2(P
VA, A = ——= 3 [He(N;) +OH(Ny) + 18Ha(N;) + 6] —5 0,
nn iem]
Vi(A(n), B(n)yy = Hy(N)H(N) + —2= 5" Hy(N) (V) 255 0
W; )
Vi(B(n), B(n)) = Hy(N) Hy (N Ha (N + 422 S v
\/_ l;f:l n \/ﬁ t;r;]
JEEICED)) 8n(n— 1)
v ZH Ha(N) + == =+ 4 n\f ;HZ(MHZ(N ) + 02y (1),

where 02 p) (1) denotes a sequence of random variables converging to zero in L*(P). Therefore, we have
that

2(F, + 1) -4 IDF,II3,
1/yn

\/_
g Hy(N;) + H2(N YH>(Nj) + 2+n

2
Z Ha(N;) Ha(Nj) Ha (N,
Vn n\/_l:#];tl tE[nJ

n-—
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26 1 22 -1 2
WD S - =D - LI 2N (N Ha (N + o (1)

Vn n i€[n] Vn n\/ﬁ Vn n\/_ i#j
V2 1 2n- 2 6(n 1)
— - Hy(N;) — H>(N;)
[Mvz oG 2 i
a(n)
V21 2n-2
— - Hy(N;)H>(Nj)
\/E \/_ Vn l’l\/ﬁ ; ' J
=p(n)
2 2 2n(n-1)
Hy(N;)Hy(Nj)H>(Np) + |2 -—— | +0 1).
v"”‘/_z;z 2(Ni)H2(N;j) Ha(Np) Vn e 2@ (D)
y(n)
Now, using the fact that v,, — 2, and the asymptotic relations a(n) ~ ﬁ B(n) ~ ﬁﬁ,y(n) — 0 as
n — oo, we deduce that
d 6(n-1)
H, £ - DL H(N) = ——= > Ha(N)Ha (N Ha(N)) + 0p23p) (1), (VL.2.14)
nyn i€[n] \/_#j#l

Straightforward simplifications allows us to write

1 6(n-1)
— Hy(N;)Hy(Nj)Hy(Ny) = H>(N;) Hy(Nj) + o2y (1),
n \/ﬁ ii]Zq&l J ( lez[nl ) \/ﬁ jez[n] J L~(P)

so that by (V1.2.14), we deduce

3 3
1
H,<- (\/_ Z HZ(N)) +opae (1) €2 w/_( T Z HQ(N,-)) +0p2)(1) 4 227,

ien] " ieln)

where Z ~ N/(0, 1). The limiting variance is Var[~2V2Z?| = 8E [Z°] = 120. From this it follows that

—) d
Fn()—> 2(23

T2 asn = . Furthermore, it is readily checked that the following joint convergence

takes place

— 272
(Fn, Fn(”) 4 (22 _ 1 __\/_23).

V120
Arguing similarly as in the previous section, we therefore conclude that for every 4 € Lip(1),
E[h(F)] -E[(G)N] _ [ = 2 \F 2 1yz3
£/ (Fu)Fy ] NI VAES VA 0,
¢1(n) " V120 [ " ]

as n — oo, where we used the fact that Z and —Z have the same distribution. |
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